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Useful Constants and Units 
Physical constants  
speed of light c = 2.997 924 58 × 108 m /s 
gravitational constant G = 6.673 × 10 11 N m2 kg 2 
Planck’s constant/2  = 1.054 57 × 10 34 J s  
mass of hydrogen atom   mH = 1.673 52 × 10 27 kg 
mass of electron me = 9.109 38 × 10 31 kg  
charge of proton e = 1.602 18 × 10 19 C 
permittivity of vacuum 0 = 8.854 19 × 10 12 F m 1  
permeability of vacuum µ0 = 4  × 10 7 H m 1 
 
Defined standard values  
standard gravitational acceleration gn = 9.806 65 m s 2  
normal atmospheric pressure 1 atm = 1.013 25 × 105 Pa = 1.013 25 bar 
 
Properties of Earth  
mass      M = 5.974 × 1024 kg 

GM = 3.9860 × 1014 m3 s 2  
radius (polar)     Rp = 6356.8 km 

(equatorial) Re = 6378.1 km  
(mean)[= (R2 eRp)1/3] R = 6371.0 km  

semi-major axis of orbit    a = 1.495 98 × 108 km  
eccentricity of orbit    e = 0.016 722  
orbital period (sidereal year)    = 3.155 75 × 107 s  
mean orbital velocity    v = 29.785 km s 1  
surface escape velocity (mean)   ve = 11.18 km s 1  
rotational angular velocity    = 7.2921 × 10 5 s 1 
 
Properties of Sun and Moon  
mass of Sun MS = 1.989 × 1030 kg = 3.329 5 × 105 M  
GMS = 1.327 12 × 1020 m3 s 2  
mass of Moon MM = 7.348 × 1022 kg = 0.012 300 M  
semi-major axis of lunar orbit aM = 3.8440 × 105 km  
lunar orbital period (sidereal month) M = 2.3606 × 106 s  
 
SI units 
kilogramme (kg): mass of the international standard kilogramme kept at 
S`evres in France. 
second (s): 9 192 631 770 oscillation periods of the hyperfine transition between 
the levels F = 4, mF = 0 and F = 3, mF = 0 in the ground state of 133Cs. 
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metre (m): distance travelled by light in vacuum in (1/299 792 458) s. 
ampere (A): defined so that the force per unit length between two infinitely 
long parallel wires of negligible cross section 1 m apart in vacuum, each 
carrying  a  current  of  1  A  is  2  ×  10 7 N m 1 (or, equivalently, so that the 
constant µ0 has the precise value 4  × 10 7 N A 2). 
 
Subsidiary units 
newton         1 N = 1 kg m s 2 pascal        1 Pa = 1 N m 2  
joule             1J = 1 Nm ton(ne) 1 t = 103 kg  
watt              1W = 1 Js 1 bar 1 bar = 105 Pa  
coulomb       1C = 1 As hertz 1 Hz = 1 s 1 
 
British and American units 
foot 1 ft = 0.3048 m                                pound 1 lb = 0.452 592 37 kg 
 
Prefixes denoting multiples and submultiples 
103 kilo (k) 10 3 milli (m) 
106 mega (M) 10 6 micro (µ) 
109 giga (G) 10 9 nano (n) 
1012 tera (T) 10 12 pico (p) 
1015 peta (P) 10 15 femto (f) 
1018 exa (E) 10 18 atto (a) 
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INTRODUCTION 
Physics (from  Ancient  Greek:   ( ) phusik  (epist ) 

"knowledge of nature", from  phúsis"nature"[1; 2; 3]) is the natural 
science that involves the study of matter [4] and its motion and behavior 
throughspace and time, along with related concepts such as energy and 
force [5]. As one of the most fundamental scientific disciplines, the main 
goal of physics is to understand how the universe behaves [6; 7; 8].  

Physics is one of the oldest academic disciplines, perhaps the oldest 
through its inclusion of astronomy [9]. Over the last two millennia, physics 
was a part of natural philosophy along with chemistry, biology, and certain 
branches of mathematics, but during the scientific revolution in the 17-th 
century, the natural sciences emerged as unique research programs in their 
own right. Physics intersects with many interdisciplinary areas of research, 
such as  biophysics  and quantum chemistry,  and the  boundaries  of  physics  
are not rigidly defined. New ideas in physics often explain the fundamental 
mechanisms of other sciences [6] while opening new avenues of research in 
areas such as mathematics and philosophy. 

Physics also makes significant contributions through advances in new 
technologies that arise from theoretical breakthroughs. For example, 
advances in the understanding of electromagnetism or nuclear physics led 
directly to the development of new products that have dramatically 
transformed modern-day society, such as television, computers, domestic 
appliances, and nuclear weapons;[6] advances in thermodynamics led to the 
development of industrialization, and advances in mechanics inspired the 
development of calculus. 

Physics became a separate science when early modern Europeans used 
experimental and quantitative methods to discover what are now considered 
to be the laws of physics [18]. 

Major developments in this period include the replacement of the 
geocentric model of the solar system with the heliocentric Copernican 
model, the laws governing the motion of planetary bodies determined by 
Johannes Kepler between 1609 and 1619, pioneering work on telescopes 
and observational astronomy by Galileo Galilei in the 16-th and 17-th 
Centuries, and Isaac Newton's discovery and unification of the laws of 
motion and universal gravitation that would come to bear his name [19] 
Newton also developed calculus, the mathematical study of change, which 
provided new mathematical methods for solving physical problems [20]. 

The discovery of new laws in thermodynamics, chemistry, and 
electromagnetics resulted from greater research efforts during the Industrial 
Revolution as energy needs increased [21]. The laws comprising classical 
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physics remain very widely used for objects on everyday scales travelling at 
non-relativistic speeds, since they provide a very close approximation in 
such situations, and theories such as quantum mechanics and the theory of 
relativity simplify to their classical equivalents at such scales. However, 
inaccuracies in classical mechanics for very small objects and very high 
velocities led to the development of modern physics in the 20-th century. 

Classical mechanics is one of the most familiar scientific theories. Its 
basic concepts - mass, acceleration, force, and others become very much a 
part of our everyday modes of thought. So we may easily regard their 
physical meaning as more obvious than it really is. For this reason, a large 
part of this introductory chapter will be devoted to a critical examination of 
the fundamental concepts and principles of mechanics. 

Every scientific theory starts from a set of hypotheses, which are 
suggested by our observations, but represent an idealization of them. The 
theory is then tested by checking the predictions deduced from these 
hypotheses against experiment. When persistent discrepancies are found, we 
try to modify the hypotheses to restore the agreement with observation. If 
many of such tests are made and no serious disagreements emerge, then the 
hypotheses  gradually  acquire  the  status  of  ‘laws  of  nature’.  When  results  
that apparently contradict well-established laws appear, as they often do, we 
tend to look for other possible explanations - for simplifying assumptions 
we have made that may be wrong, or neglected effects that may be 
significant. 

The laws of classical mechanics are no exception. Since they were first 
formulated by Galileo and by Newton in his Principia, their range of known 
validity has been enormously extended, but in two directions they have been 
found to be inadequate. For the description of the small-scale phenomena of 
atomic and nuclear physics, classical mechanics has been superseded by 
quantum mechanics, and for phenomena involving speeds approaching that 
of light, by relativity. This is not to say that classical mechanics has lost its 
value. Indeed both quantum mechanics and the special and general theories 
of relativity are extensions of classical mechanics in the sense that they 
reproduce its results in appropriate limiting cases. Thus the fact that these 
theories have been confirmed, actually reinforces our belief in the 
correctness of classical mechanics within its own vast range of validity. 
Indeed, it is a remarkably successful theory, which provides a coherent and 
satisfying account of phenomena as diverse as the planetary orbits, the tides 
and the motion of a gyroscope. Moreover, even outside this range, many of 
the results of classical mechanics still apply. In particular, the conservation 
laws of energy, momentum and angular momentum are, so far as we yet 
know, of universal validity. 
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Modern physics began in the early 20-th century with the work of Max 
Planck in quantum theory and Albert Einstein's theory of relativity. Both of 
these theories came about due to inaccuracies in classical mechanics in 
certain situations. Classical mechanicspredicted a varying speed of light, 
which could not be resolved with the constant speed predicted byMaxwell's 
equations of electromagnetism; this discrepancy was corrected by Einstein's 
theory ofspecial relativity, which replaced classical mechanics for fast-
moving bodies and allowed for a constant speed of light [22]. 

Black body radiation provided another problem for classical physics, 
which was corrected when Planck proposed that the excitation of material 
oscillators is possible only in discrete steps proportional to their frequency; 
this, along with the photoelectric effect and a complete theory predicting 
discrete energy levels of electron orbitals, led to the theory of quantum 
mechanics taking over from classical physics at very small scales [23]. 

Quantum mechanics would come to be pioneered by Werner 
Heisenberg, Erwin Schrödinger and Paul Dirac [23]. From this early work, 
and work in related sphere, the Standard Model of particle physics was 
derived [24]. Following the discovery of a particle with properties 
consistent with the Higgs boson at CERN in 2012 [25], all fundamental 
particles predicted by the standard model, and no others, appear to exist; 
however, physics beyond the Standard Model, with theories such as super 
symmetry, is an active area of research [26]. Areas of mathematics in 
general are important to this field, such as the study of probabilities and 
groups. 

The proposed guide provides basic educational material sections 
«Mechanics», «Molecular Physics and Thermodynamics», 
«Electromagnetism», «Oscillations and wave optics», «Quantum and 
atomic physics». 

The manual is intended for foreign students of technical training 
universities as well as for professors and for teachers. 
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Chapter 1 MECHANICS 
 

1.1 KINEMATICS 
1.1.1 Kinematics of material point 
The elementary view of a motion in the nature is the mechanical motion, 

consisting in change of a relative positioning of bodies or their parts in 
space  eventually.  The  section  of  physics  which  is  engaged  in  studying  of  
laws of a mechanical motion is termed as a mechanics. 

Distinguish the classical mechanics, when velocities of macroscopical 
bodies of essentially less light speed. The classical mechanics is grounded 
on Newton's laws, therefore it often term as a Newtonian mechanics. 
Motions of bodies with velocities close to light speed it is studied in a 
relativistic mechanics,  and  laws  of  a  motion  of  microparticles  in  a  
quantum mechanics. 

The classical mechanics consists of three basic sections – a statics, 
kinematics and dynamics. The statics – studies laws of a composition of 
forces and a requirement of balance of bodies. The Kinematics (motion) – 
gives the mathematical description of a motion of bodies without reason 
causing this motion. Dynamics – studies a motion of bodies taking into 
account forces operating on them. 

The motion in the mechanic terms change of a relative positioning of 
bodies. For the description of a motion of bodies it  is necessary to choose 
prestressly a reference system, i.e. to choose one or several bodies which 
conventionally are accepted to immobile, and to them to relate any 
coordinate system and hours. 

Perfectly rigid body terms a body which strain in the conditions of the 
given problem can be neglected. The distance between any two points 
perfectly rigid body does not change at any interactions. 

The body, in relation to which the motion of other bodies is considered, 
is termed as a body frame. 

The rectangular, Cartesian frame 
formed by three crossly perpendicular 
axes X, Y, Z is most often used. 

Unit vector along these axes are 
termed orts - i , j , k . They lay out the 
origin of O. Position of a point P is 
characterized by the radius vector 
r ,connecting the origin O with  a  point  
of P (Figure 1.1). 

X, Y, Z – Cartesian coordinates of the 
point P or projections of the radius vector Figure 1.1 
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r on the respective axes of coordinates. Character of a motion of a body in 
space will be set, if we know, how change in time of co-ordinate or its radius 
vector, i.e. dependences x=x(t) ; y = y (t); z = z(t) will be determined. 

Solving a physical problem some factors which in the given problem not 
essential, neglect, for example, it is often possible to neglect the sizes of the 
body which motions it is studied. 

The body which sizes in the conditions of the 
given problem can be neglected, is termed as the 
material point. 

Line, described by a material point in its 
motion in space, called the trajectory. The 
distance between two point position, measured 
along a path called the path traveled by the body 
(A path – trajectory length.) 

Vector between the initial position of the body and the end position, 
called the displacement vector (Figure 1.2). 

ABCD – a trajectory; AD  - displacement vector. 
Depending on the trajectory shape distinguish a rectilinear and 

curvilinear motion of a point. 
If the body trajectory represents a straight line, a motion – rectilinear, a 

curve – curvilinear. 
Besides distinguish translational and a rotary motion (Figure 1.3). 

 
Figure 1.3 

 
The body motion is termed translational if any straight line spent in a 

body, remains at a motion of this body parallel to itself (at this motion of a 
trajectory of all points of a body identical) (Figure 1.4). 

Speed and Velocity 
Average speed on any part of the trajectory is the ratio of the increment 

of the radius vector of a point in the time interval t + t to its duration t. 

t
r

av
,      (1.1) 

(The average velocity of the body in any part of the trajectory is the ratio of 
the length S of the site at the time t, during which the body passed this site). 

Figure 1.2 
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Figure 1.4  

 

At a rotary motion all points of the body move in circles whose centers 
lie on the same straight line, called the axis of rotation, the axis of rotation 
can be outside of the body. 

If for the sites of any length taken in various places of a trajectory, this 
relation is identical, velocity of a body along a trajectory is constant also 
such motion is termed as the uniform (Figure 1.5). 

 
Figure 1.5 
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S ,     (1.4) 

Speed  point is called a vector quantity , equal to the first time 
derivative of the radius vector r  of the viewed point. 

dt
rd ,      (1.5) 

 
s
m][ ,      (1.6) 

(Velocity of a point at time t is equal to the limit of the average speed vav 
at t 0). 

med
tt t

r
limlim

00

.     (1.7) 

In general, the path S is different from the module move | r| 
(Figure 1.6). Equally, if we consider the way dS, passable point for a small 
period of time dt, then dS =  |dr|. Therefore the modulus of the velocity 
vector is the first derivative of the path length of the time. 
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Average ground speed of uneven movement of the point on the section 
of its trajectory is called a scalar quantity equal to the ratio of the length av   
of this section, the trajectory to the duration t of its passage point. 

Average path velocity of a non-uniform motion of a point on the section 
of its trajectory is called scalar value av  equal to the relation of length of 
this section a trajectory, to duration t passages by its point. 

It is possible to present a velocity vector in a 
view 

dt
dS ,   (1.8) 

It is possible to present a velocity vector in a 
view 

zzyyxx lll  ,  (1.9) 

zyx ,,  - projection of the vector  on 
the axes 

dt
dzZ

dt
dyY

dt
dxX zyx ,, ,    (1.10) 

222
222

dt
dz

dt
dy

dt
dx

zyx
.    (1.11) 

The vector of velocity of a point is guided on a tangent to a trajectory 
towards a motion as well a vector dtdr  of small displacement of a point 
for all time interval dt (a vector that is tangent to be from the physical 
meaning of the first derivative - is tangent to the graph of the function 
indicates the velocity of motion at time t). 

Acceleration 
Tangential and normal components of the acceleration 

Acceleration - is a vector quantity that characterizes the rate of change 
of velocity of the moving body in magnitude and direction. 

Point average acceleration in  the  time  interval  t is the vector aav 
increment equal to the ratio of the velocity vector v to the time interval t 

dt
aav

,     (1.12) 

Acceleration (instantaneous acceleration) point  is  called  a  vector  
quantity a , which is equal to the first derivative of the velocity v in time 
(or the second derivative of the radius vector r of the time t) 

2

2

dt
rd

dt
da ,     (1.13) 

Figure 1.6 
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2][
s
ma ,    (1.14) 

Acceleration of a point at time t is  equal  to  the  limit  of  the  average  
acceleration of ava  when 0t  

av
tt

a
t

a limlim
00

,     (1.15) 
In a Cartesian coordinate system vector a  can be written in terms of its 

coordinates 
kajaiaa zyx

,    (1.16) 
where 
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zd
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da z
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x
,  (1.17) 

Module of the acceleration vector 
2

2

22

2

22

2

2222

dt
zd

dt
yd

dt
xd

dt
d

dt
d

dt
daa zyx ,   (1.18) 

Vector a  can be expressed as the sum of two components: 

a  - tangential component of acceleration is tangential to the trajectory of 
the point and is equal to 

dt
da , 

dt
da .                          (1.19) 

                
          Figure 1.7                                      Figure 1.8 

where the vector  - the unit vector of the tangent drawn at the point 

of the trajectory and direction of the velocity . 
Vectors a  and  collinear with uniformly accelerated motion; 

a  at 0a  i.e. at uniformly retarded motion. 

Tangential acceleration a  - characterizes the quickness of change of 
velocity vector modulus of (measures change in velocity magnitude). 

For uniform motion 
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0consta  ta0  
2

2

00
tatSS ,  (1.20) 

na  - normal component of acceleration (normal acceleration) along the 
normal to the trajectory and the given point in the direction of the center of 
curvature of the trajectory. Curved trajectory can be represented as a set of 
elementary sections, each of which can be seen as a circular arc of radius R 
(called the radius of curvature of a circle of a given point of the trajectory). 

21
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AB ,  (1.21) 

BCBd  
RRt

AB
t

a
ttn

2

0
2

0
limlim ,  (1.22) 

R
an

2
,                                           (1.23) 

Normal acceleration characterizes the speed change of direction of the 
velocity vector (characterizes the change in the direction of the velocity). 

Full acceleration module: 

Rdt
dvaaa n

22
22 ,                         (1.24) 

The classification depends on the movements of the tangential and 
normal components: 

1. ;0;0 naa  ;const  tS  - constant motion; 

2. ;;0;0 12naconsta
2

2

00
attSS  - uniformly 

accelerated motion; 
3. ;;0;0 12naconsta  

2

2

00
attSS  - uniformly retarded 

motion; 
4. 0);( natfa  - linear motion with variable acceleration; 

5. 
R

aconstaa nn

2

;;0  - uniform circular motion; 

6. )(;0 tfaa n  - uniform curvilinear motion; 
7. 12;0;0 naconsta  - curved uniformly accelerated motion; 
8. 12;0;0 naconsta  - curvilinea uniformly retarded motion; 
9. 0);( natfa  - curvilinear motion with variable acceleration. 
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1.1.2 The kinematics of rotational motion 
Rotation of the body at a certain angle  can be described by a vector of 

length , and the direction coincides with the axis of rotation is determined 
by the rule of the right screw (corkscrew, right hand): 

Four fingers of the right hand – on the direction of rotation, bent thumb 
indicates the direction of the vector . 

The direction of the rotation vector , associated with the direction of 
rotation right-hand rule (Figure 1.9). Such vectors are referred to as the 
axial or pseudo-to distinguish them from ordinary (sometimes called field) 
vectors. Called the angular velocity vector  which is numerically equal to 
the first derivative of the angle of rotation  on time t and is directed along 
a fixed axis on the right hand rule. 

  
 
                         Figure 1.9                                               Figure 1.10 

dt
d  

dt
d ||  

c
rad][  

Angular velocity , as  is an axial vector. Axial vectors do not have 
certain  points  of  application,  they  can  be  deposited  from any point  on  the  
axis of rotation (Figure 1.10). Often they are put off by a stationary point of 
the rotation axis, taken simultaneously as the origin of the reference framet. 
Rotation of the body is called uniform if t . 

RS  divide by t 

R
tt

S  R .                          (1.25) 

Speed  points as opposed to the angular velocity  of a body, called 
the  linear  speed.  It  is  perpendicular  to  both  the  axis  of  rotation  (i.e.,  the  
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vector ), and the radius – vector R, drawing to a point P from the center 
of the circle and about equal to the vector product: 

][][ RR    ROOr ` .  (1.26) 
Uniform rotation can be a characterization of the rotation period T, 

which are defined as the time in which the body makes one revolution, i.e. 
rotated by an angle 2 . Then 

Tt
2 ,                                     (1.27) 

- relationship of the angular velocity with the circulation period. 
2T ,                                        (1.28) 

- rotating speed - number of revolutions per unit of time. 

2
1
T

n ; 
s
1][ ; 

s
n 1][ .  (1.29) 

In the case of variable rotational motion angular velocity  of material 
point changes in both magnitude and direction. To characterize the rate of 
change of the angular velocity  in irregular rotation around a fixed axis 
vector  is introduced - angular acceleration of the body is equal to the 
first derivative of its angular velocity  on time 

2

2

dt
d

dt
d ,                                    (1.30)  

2][
s

rad .                                          (1.31) 

Vector  is also an axial (or pseudovector). Vectors  and  same 
direction for accelerated rotation 

0
dt
d , i.e. 0                                 (1.32) 

and  opposite directions during decelerated rotation 

0
dt
d , i.e. 0 .                            (1.33) 

Acceleration a  arbitrary point P of the body in contrast to the angular 
acceleration  of the body is called linear acceleration. 

naa
dt

rd
dt
da 2

2
,                            (1.34) 

][ Ra ; Ran
2 .                           (1.35) 
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For uniformly accelerated rotational motion can be written: 

0const ; t0 ; 
2

2

00
tt .   (1.36) 

Table 2 
Relationship between linear and angular values 

Liner Angular Relationship The time dependence 
of 
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1.2 DYNAMICS OF TRANSLATIONAL MOTION 
1.2.1 Newton's First law. Inertial reference system 
Newton's First law: Every body is at rest or in uniform motion as long 

as the effects of other bodies do not bring it out of this state 
0a , ),0(orconst  if 0F  - Newton's First law. 

This law is called the law of inertia. Inertia - the body's ability to 
maintain speed. Inertial motion - motion with constant velocity. 

Newton's 1 law holds not in all frames. Reference frame in which the 1-
Newton's law is valid, called inertial. Any system, moving relative to an 
inertial system uniformly, will also inertial. 

An example of an inertial reference frame can serve as the heliocentric 
reference frame, i.e., the reference frame of the Sun (Figure 1.11). 

Any system, moving relative to the 
heliocentric uniform rectilinear will 
be inertial. 

The laboratory frame, the axes 
of which are rigidly connected to 
the Earth, is not inertial, because of 
non-inertial rotation of the earth. 
However, the Earth's rotation is Figure 1.11 
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very slow, with a = 0.034 m/s2, and so in most applications laboratory frame 
of reference can be considered as approximately inertial. 

The content of the First Newton's law reduced to two statements: 
1) all have the property of inertia of the body; 
2) there are inertial frames of reference. 
Inertial reference systems play a special role not only in mechanics, but 

also in other areas of physics, because the principle of relativity Einstein's 
mathematical notation of any physical law must have the same form in all 
inertial reference frames. 

 
1.2.2 Mass, momentum of the body. Newton`s Second Law 
The same effect in different ways alters the movement of various bodies. 

When exposed to any body changes its velocity at once, but gradually. The 
body's ability to maintain its speed is called inertia. The measure of inertia 
is mass. Body mass - a positive scalar value, a measure of inertia of a body, 
that is characterized by the body's ability to maintain its speed. 

Under the action of the body changes its velocity is not instantaneous, 
but gradually, i.e., acquires a finite acceleration, which is smaller, the 
greater the mass, that is, when exposed to the same forces 

2

1

1

2

a
a

m
m ,    (1.37) 

 kgm][ .    (1.38) 
Density is  the  ratio  of  body mass  dm small volume dV to the value of 

this volume 

dV
dm ,    (1.39) 

if the body is homogeneous, then  = const and 

V
m ,                                         (1.40) 

3][
m
kg ,                                        (1.41) 

Center  of  mass,  or  center  of  mass  system of  particles  is  a  point  with  a  
radius vector cr , which is equal to 

n

nn
n

i i

n

i ii
c mmm

rmrmrm
m

rm
r

...
...

21

2211

1

1 .           (1.42) 

Vector quantity ip  equal to the mass m of a point on its velocity is 
called momentum (or linear momentum) of the material point 

ii mp , iip ,                                 (1.43) 
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mkgp][ .                                        (1.44) 

Momentum of the system is the vector of point ip  equal  to  the  
geometric sum (i.e, the sum of the vectors) of all material points 
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i
ii pp                                                        (1.45) 

Velocity of the center of inertia: 
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1 10 .                  (1.46) 

that is, the momentum of the system is equal to the mass of the entire 
system on the speed of its center of inertia. 

Newton`s Second Law: the rate of change of momentum of the body is 
acting on the body force F 

.F
dx

pd                                         (1.47) 

If the body has several forces, under the force F in Newton's second law 
is necessary to understand the resultant force (net force) - geometrical sum 
of all forces acting on the body. 

From Newton's second law, it follows that 
dtFpd .                                      (1.48) 

Vector quantity Fdt called the elementary impulse of forcer. 
Impulse, for a finite time interval t2 -t1 is 

dtF
t

t

2

1

,                                             (1.49) 

where 
)(tFF ,                                        (1.50) 

dtFpppFdtdp
t

t

2

1

12
,                    (1.51) 

Fam
dt

md
dt
md

dt
pd )( ,                        (1.52) 

amF .                                          (1.53) 
The basic equation of the dynamics of the translational motion of a rigid 

body.  The  force  acting  on  a  body  is  equal  to  the  mass  of  the  body  to  its  
acceleration (Figure 1.12). 
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Figure 1.12 
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mkgF 2][ ,                                     (1.54) 

tyactionjriction FFNgmF ,                       (1.55) 

amFFNgm tyjr ,                             (1.56) 
maFFx tyjr: ,                                          (1.57) 

0: Nmgy .                                            (1.58) 
Tangent and normal acceleration determined by the appropriate 

component of the force F 

naaa ,                                              (1.59) 

nFFF ,                                             (1.60) 

amF ,                                                   (1.61) 

nn amamFF ,                                 (1.62) 

amF , RmF || ,                              (1.63) 

nn amF , 
R

mFn

2

|| .                                (1.64) 

Force nF , which imparts at normal acceleration is directed towards the 
center of curvature of the trajectory and is therefore called the centripetal 
force. 

 
1.2.3 Newton's Third Law 
Every action of the body to each other is in the nature of interaction: if 

the body 1 acts on the body 2 with a force F21, then the body 2 acts on the 
body with the force of one F12 (Figure 1.13). 

Newton's Third law: the forces that act on each other interacting bodies 
are equal in magnitude and opposite in direction. (Action force equal to the 
force of the reaction). 
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Figure 1.13 

 
2112 FF .                                        (1.65) 

Newton's III law is not always valid. It is strictly valid in the case of 
contact interactions, as well as the interaction of some distance from each 
other stationary bodies. 

III of Newton's law that in any mechanical system geometric sum of all 
internal forces exactly equal to 0. 
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The law of gravity: Two point bodies attract each other through space 
with a force directly proportional to the two masses and inversely 
proportional to the square of the distance between them (Figure 1.14). 
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 - the gravitational constant (numerically equal to the force of mutual 
attraction 2 material points of unit mass at a distance of 1 m). 

 
1.2.4 The law of conservation of momentum 
Consider a system consisting of n material points interacting 

(Figure 1.15). 
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Figure 1.14 

Figure 1.15 
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The forces of interaction between the bodies that make up the system, let 
fk. Interaction of external forces from the body not in the file system on the I 
body system denoted Fi. 

We write Newton's Second law applied to all bodies that form the 
system: 

11312
1 Fffff

dt
pd

inji
,                          (1.71) 

224212321
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On Newton's third law: 
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2112 ff ,                                          (1.75) 
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Vector sum of the momenta of all bodies forming this system is called 
the resultant momentum of the system. 
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i

p F
dt
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1

.                                         (1.77) 

 

If external forces no effect on the body system (no interaction 
between bodies within the system and external bodies), or the action of 
external  forces  is  compensated,  then  the  system  is  called  a  closed or 
isolated. 

In this case, 

0;0 bxtp
p Fconstp

dt
pd .                   (1.78) 

The law of conservation of momentum: 
geometric (vector) sum of the momentum of a closed system remains 
constant over time in all interactions within the system: 

LCM: constpppppp nn
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121 ...... ,         (1.79) 

0bxtmalF .                                           (1.80) 
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Figure 1.16 

that is, the interaction between the bodies of the pulses of individual 
bodies can vary in magnitude and direction, but within a framework that the 
vector sum of the momenta of all the bodies that make this system remains 
constant. 

 
1.3 WORK AND KINETIC ENERGY 
“Work” is done whenever a force is applied to move an object from one 

place to another. If the force is F, and the displacement of the object is S, 
then the work done W is given by 

SFA ,                                               (1.81) 
Note that both F  and S  are vectors, while A is a scalar. Recall the 

scalar product of two vectors (Figure 1.17) 
coscos|||| ABBABA , (1.82) 

So we also have 
cosSFA ,                 (1.83) 

Units: 
Force, F : Newtons [N] 
Displacement, S : metres [m] 
Work, A : Joules [J] 
1 Joule = 1 Newton metre 
Example: Consider  a  force  of  5  N pushing an object 2 m in  the  same  

direction as the direction of the force (Figure 1.18). 1 J = 1 N m. 

 
Figure 1.18 

The work done is 
JmNmNSFSFA 101025  

If the motion is in a different direction from the force, we have to take 
the direction of the vectors into account. 

Figure 1.17 
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Example: What is the work done by 
gravity when a 5kg object moves 2m down a 
frictionless 30o slope (Figure 1.19)? 

Force downwards is mgF . 
Displacement down the slope is mS 2 . 
Angle between force and displacement is 

 = 60o. 
Work done is  

Jskgms
mkgmgsSFSFA 49/4960cos8.95coscos 220

2

2/11 skgmN  
Work can also be negative (Figure 1.20). 

 
Figure 1.20 

 
1.3.1 Work done by a varying force 
We can divide the displacement S  into lots of 

little (infinitesimal) displacements iS  such that 
(Figure 1.21) 

n

i
in SSSSS

1
21 ... .        (1.84) 

Let the force on the object for a displacement 
iS  be iF  
Then the work done on segment i is  

Figure 1.19 

Figure 1.21 
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iii SFA .                         (1.85) 
The total work done is  

n

i
ii

n

i
i SFAA

11

.               (1.86) 

Taking the limit 0iS  this turns into an integral: 

SdFA ,                                          (1.87) 

Imagine a simpler case, where the motion is along only the x direction, 
starting at x1 and ending at x2. 

Now idxSd and 2

1

x

x
xx dxFAdxFSdF ,                            (1.88) 

 
Figure 1.22 

 
The two shaded areas above are equal when x  0. 
Notice that when Fx is independent of the position (Figure 1.22), then 

we return to our old formula: 
SFxxFdxFdxFA x

x

x xx

x

x x )( 12
2

1

2
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,                  (1.89) 

Alternatively 
SFSdFSdFA .                                (1.90) 

Example: An example of a force which varies with displacement is the 
force exerted by a spring when you pull it. 
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Figure 1.23 

 
The force applied by the spring is given by Hooke’s Law (Figure 1.23) 

kxFx ,                                           (1.91) 
k is known as the spring constant. 

Hooke’s Law tells us that the force required to stretch a spring 
increases linearly with the distance that you pull it. 

 
Figure 1.24 

 
The work done in stretching the spring by an amount X, is the area under 

the curve to the left (Figure 1.24). 
2
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.            (1.93) 

Example: Work done pushing a swing 
Let’s say we push a child in a swing. The child has a weight w, and the 

length  of  the  chain  is  R.  Assuming that  we push  him very  slowly,  what  is  
the work done by each of the forces acting on the child? 
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“slowly”  If T is the tension on the rope and F is the force with which 
we  push  him,  then  Y&F:  Ex.  First  we  need  to  know  how  the  forces  vary  
with . x-direction: y-direction: all the forces are (approximately) in 
equilibrium (i.e. sum to zero). 

First we need to know how the forces vary with . 
If T is the tension on the rope and F is the force with which we push him, 
then (Figure 1.25) 

tgF
Tdirectiony
TFdirectionx

cos:
sin: ,            (1.94) 

Now we can calculate the work done by each force moving from A 
( =0) to B (  = 0). 

Remember that it is only the force in the direction Sd  which 
counts! 

For the force :F  

).cos1(sin

coscos

0
0

0

0

0

RdR

dRtgdSFSdFA
B

A

B

A
F (1.95) 

 

   
Figure 1.25 

 
For the force  (gravity): 
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)cos1(sin)90cos( 0
0

0
0

RRddSSdA
B

A

B

A

. (1.96) 

For the force T  (tension): the angle 
between Sd  and T  is always 90o, so 

0SdT  and the work done by T  is 
zero (Figure 1.26). 

Notice that 0TF AAA  since the 
total net force is zero, so can do no work! 

 
1.3.2 Kinetic energy 
Consider an object of mass m , under  a 

constant force F  as it moves from 1x  to  

2x . Since amF , the object is accelerated. Its velocity changes from 1  
to 2  (Figure 1.27). 

 
Figure 1.27 
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But Newton’s second Law tells us that )(
2
1 2

1
2
2mmaF . 

The work done by the force is 2
1

2
2 2

1
2
1 mmSFA . 

Definition: The  Kinetic  Energy  of  an  object  of  mass  m moving with 
velocity  is given by 

2

2
1 mEK

.                                             (1.97) 

It’s units are kg (ms-1)2 = N m = J. 
Work-energy theorem: The  work  done  on  an  object  by  the  total  net  

force is given by the change of the object’s kinetic energy. 
KKKtot EEEA

12
.                              (1.98) 

Figure 1.26 
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N.B.  Notice  that  this  is  the  work  done  by  the  total  net  force.  In  our  
swing example, 0totA  so the change in kinetic energy was zero. We could 
not have used this to calculate the work done by the individual forces. 

The work energy theorem is still true even if the force changes during 
the motion. 

If we go back to our small steps 
xi,  then  for  step  i  the  work  done  is  

(Figure 1.28) 

iiii ExFA .              (1.99) 
The total work done is the sum over 
all the steps: 

tot

n

i
i

n

i
itot EEAA

11

. (1.100) 

So  the  total  work  done  is  still  equal  
to the change in kinetic energy. 

 
1.4 POWER 
It  is  often  useful  to  know how the  work  done  by  a  force  changes  over  

time. We define Power as the rate of change of work done with time: 

dt
dAP .                                          (1.101) 

Unit: Watt [W] 1 W = 1 Js-1. 

The work done between time 0 and time T is given by 
T

dtPA
0

. 

If the power is constant then total work done is TPA .  
We can relate Power to Force and Velocity, just as we related Work to 

Force and Displacement: 
Recall that the work done for a constant force is .SFA  
So the power is  

.F
dt
SdF

dt
dAP                             (1.102) 

 
1.5 POTENTIAL ENERGY 
Imagine an object of mass m,  falling  freely  under  gravity.  Let’s  say  it  

falls from a height y1 to a height y2. 
The work done by the force of gravity is 

)( 21 yymgSFA ,                             (1.103) 
and this causes an increase in the kinetic energy of the object. 

Figure 1.28 
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The higher the object is at the start, 
the  more  potential  it  has  to  gain  energy  
when it falls. 

We say that an object of mass m, at a 
height h, has gravitational potential 
energy, given by (Figure 1.29) 

mghU                   (1.104) 
Notice that it doesn’t really matter 

where the point h =  0  is,  since  only  
changes in potential energy matter. 

In the example just shown, the object 
loses potential energy, but objects can 
also gain potential energy by moving 
against the gravitational field. 

If we apply an upwards force F to the object of mass m, moving it from 
h1 to h2, we will be doing work 

)( 12 hhFAF .                                     (1.105) 
If we choose mgF  then the object moves with zero acceleration. Its 

velocity doesn’t change, so it  has the same kinetic energy as before, but it  
gains potential energy 

)( 12 hhmgU .                                         (1.106) 
The work done is stored as potential energy. 
If F is larger than mg, then there will be a net upwards force and the 

object will accelerate upwards. The extra 
work done by the force will contribute to 
the kinetic energy of the object 
(Figure 1.30). 

Let’s return to our free-falling object 
.0.. Fei  

Change in potential energy 
)( 21 hhmgU .          (1.107) 

Work done by gravitational force  
)( 21 hhmgA .           (1.108) 

Work-energy theorem 
)( 21 hhmgEK  

0KEU .             (1.109) 
We define the total energy to be the 

sum of the kinetic and potential energies: 
KEUW .                                               (1.110) 

Figure 1.29 

Figure 1.30 
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The total energy is conserved. It does not change. 
When  a  force  conserves  the  total  energy,  we  say  it  is  a  conservative  

force. 
Example: A projectile is fired from point 1 with an initial speed v0 at an 

initial angle 0. What is the maximum height it reaches (Figure 1.31)? 

 
Figure 1.31 

 

At point 1: 2
02

1
1

mEK
 01U . 

At point 2: 2
22

1
2

mEK
 mghU 2 . 

Conservation of energy 

mghmmUEUE KK
2
2

2
021 2

1
2
1

21
. 

Therefore the maximum height is 
g

h
2

2
2

2
0 . 

Also, since there is no force in the x-direction, we know that the velocity 
in the x-direction cannot change 0012 cosx  and we have  

gg
h

2
sin

2
cos 0

22
00

22
0

2
0 . 

There are many other forms of potential energy too. For example, a 
spring can contain elastic potential energy. 

 
Figure 1.32 

 

kxF spring .                                    (1.111) 
So when we extend the spring from x1 to x2 we do work (Figure 1.32) 
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2
1

2
2

2

2
1

2
1

2
1 2

1

2

1

2

1

kxkxkxdxkxdxFA
x

x

x

x

x

x
applied

.           (1.112) 

The elastic potential energy stored in a spring is therefore given by 
2

2
1 kxU .                                        (1.113) 

What happens if we take away our hand and let the spring pull the mass 
back? 

 
Figure 1.33 

 

Work done by the spring is 

21
2
2

2
1 2

1
2
1 UUkxkxAspring

             (1.114) 

Work-energy theorem tells us that the work done is equal to the change 
in kinetic energy 

12 KKspring EEA ,                             (1.115) 
So 

2211 KUKU .                              (1.116) 
Again, total energy (potential + kinetic) is conserved. Potential energy is the 
area under the curve of F . 

We can work in the opposite direction, and derive the force from the 
potential (Figure 1.33). 

In 1 dimension, 

dx
dUF  .                                      (1.117) 

For our two examples:   

kxkx
dx
dFspring

2

2
1 ,                     (1.118) 

mgmgh
dy
dFgravity

,                    (1.119) 
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Figure 1.34 
 
More generally, in 3 dimensions, 

dz
dU

dy
dU

dx
dUUF ,, , (1.120) 

The gravitational force exerted on a mass m 
by another mass M at a distance r  
(Figure 1.35), is  

2r
GmMF ,                    (1.121) 

G is Newton’s constant 213111067.6 skgm . 
The potential energy is 

const
r

GmMdr
r

GmMFdrU 2
1 . 

Choose at 0U  at r  
r

GmMU . 

The potential we used before was an approximation which is valid when 
the change in height is small 

Figure 1.35 
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Example: Escape Velocity of a satellite. 
A satellite of mass m is launched from the Earth’s surface with velocity 

.  What  v  do  we need,  in  order  that  the  satellite  escapes  the  Earth’s  pull  
(Figure 1.36)? 

At launch 
R

GmMU1
 and 

2
1 2

1 mEk
. 

“Escape” means that the satellite reaches 
r  with 0kE . 

So 02
GmMU . 

Conservation of energy 

0
2
1 2m

R
GmM  

s
kmgR

R
GM 2.1122 . 

 
1.6 CONSERVATIVE AND NON-CONSERVATIVE FORCES 
We have already seen two examples of a conservative force: gravity and 

a spring. 
If the force is conservative, then we can convert potential energy into 

kinetic energy and vice versa, with no energy lost (Figure 1.37). 

Figure 1.36 
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Figure 1.37 

 
Total mechanical energy (K +U) is conserved. 
Imagine a conservative force F , which depends on position, acting on 

an object. What is the work done by the force when an object moves from 
point A to point B (Figure 1.38)? 

Work done taking path 1 is  
 

pathBA

SdFA
:

1
,                                 (1.122) 

Work done taking path 2 is 

2:
2

pathBA

SdFA .                                (1.123) 

For a conservative force we know the potential energy at both A and B, 
so  the  work  done  must  
simply be 

AB UUAA 21 . (1.124) 
The work done depends 

only on the endpoints, not 
on the path taken. 

This is really the 
definition of a conservative 
force. It is this definition 
which allows us to define 
potential energy in the first place. 

Imagine we now regard A  B  A as the complete path. 
Work done by F  is 021 AA  and is independent of the path. 

Figure 1.38 
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This means that the potential energy at point A (or B) is well defined and 
does not change depending on the past history of the object. 

A non-conservative force  is  a  force  where  the  work  done  by  a  force  
moving an object from point A to point B depends on the path taken. 
This is sometimes called a dissipative force (Figure 1.39). 

A good example of a non-
conservative force is friction. 

The frictional force always 
opposes the motion so 

0SdF   always, so the work 
A B done moving A  B  A is 

0SdFA .           (1.125) 

The work done depends on 
the path taken  we cannot 
define potential energy. 

The work done is usually 
dissipated as heat. 
 

1.7 DYNAMICS OF MECHANICAL SYSTEMS 
1.7.1 The centre-of-mass 
Conservation of momentum is true for more complicated systems too. If 

there are no external forces on the system, then momentum is conserved. 
constp

i
i

.                                        (1.126) 

the sum here is over all the bodies in the system 
Definition: The centre-of-mass of a collection of n objects of mass im  at 

positions ir  is (Figure 1.40) 

n

n
cm mmm

rmrmrmr
...
...

21

12111 .       (1.127) 

The centre-of mass will move with a 
velocity 

n

i i

n

i ii

n

n
cm

m

m
mmm
mmm

1

1

21

12111

...
... , (1.128) 

Remember momentum 

ii mp , so constmp
i

ii
.    (1.129) 

So as long as the masses don’t change, 

Figure 1.39 

Figure 1.40 
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const
m

m
n

i i

n

i ii
cm

1

1 .                               (1.130) 

 
1.7.2 The velocity of the centre-of-mass is the same after the collision 

as it was before 
The centre-of-mass is also useful if there is a net force on the system and 

momentum is not conserved. 
The acceleration of the centre-of-mass is  

n

i i

n

i i
n

i i

n

i ii
cm

m

F

m

am
a

1

1

1

1 .                           (1.131) 

cm

n

i
i

n

i
i amF

11

.                                (1.132) 

The centre-of-mass moves like an object of mass 
n

i
im

1

 under a force 

n

i
iF

1

.e.g. Consider an object breaking up in flight. 

 
Figure 1.41 

The motion of the centre-of-mass after the collision is the same is if the 
object had stayed in one piece. 

 
1.8 DYNAMICS OF ROTATIONAL MOTION 
1.8.1 The moment of inertia. Steiner's theorem 
The moment of inertia of a point is 

2mrI .                                            (1.133) 
The moment of inertia of the system with  respect  to  the  axis  of  

rotation is called a physical quantity that is equal to the sum of the product 
of the masses n material points of the squares of their distances from the 
axis of (Figure 1.42). 
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n

i
iirmI

1

2 ,                                  (1.134) 

44332211 rmrmrmrmI .                   (1.135) 
The moment of inertia of the body in 

the event of a continuous distribution of 
mass is 

dVrdmrI
VV

22          (1.136) 

-integrated throughout. 
1.  We  find  the  moment  of  inertia  of  a  
uniform disk about an axis perpendicular to 
the plane of the disk and through its center. 
We divide the disk into annular layers of 
thickness dr. All points of the layer will be 
the same distance from the axis equal to r. 
The volume of such a layer is 

bdrrSdV 2  
Square ring rdrrdrrdrrrdrrS 2)2())(( 22222  

4
222

1

0

3
1

0

2 RbdrrbrbrI  

bRVm 2  

2

2mRId
.                    (1.137) 

2. Walled hollow cylinder of radius R (a hoop, 
a bicycle wheel, and the like). 

2mRI .                  (1.138) 
3. Solid cylinder or disk of radius R (Figure 
1.45) 

2

2
1 mRI .               (1.139) 

4. Moment of inertia of the balls (Figure 1.43): 
2

5
2 mRI .                                      (1.140) 

5. Direct thin long rod axis is perpendicular to the rod and passing through 
its middle. 

2

12
1 mlI .                                      (1.141) 

Figure 1.43 

Figure 1.42 
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            Figure 1.43                            Figure 1.44                                Figure 1.45                      
 

If you know the moment of inertia about an axis passing through its 
center of mass, moment of inertia about any axis parallel to this, is 
determined with the help of Theorem Steiner: the moment of inertia with 
respect to the I axis of rotation is parallel to the 
moment of inertia C relatively parallel to the axis 
passing through the center of mass C body, with 
a folded piece of body mass m and the square of 
the distance between the axes of the 

2maII c .                (1.142) 
6. The moment of inertia of a straight rod 

length, the axis perpendicular to the rod and 
passing through its end . 

32
2

22

3
1

4
1

12
1

212
1 mlmllmmlmaII c

.  

 
1.8.2 The kinetic energy of rotation 
Consider a rigid body rotating around a fixed axis Z, passing through it 

with angular velocity . because the body is absolutely rigid, therefore, all 
of the body will rotate at the same angular velocity. 

If we break the body in small amounts to the elementary masses m1, m2 
... at a distance r1, r2 ..., from the axis of rotation, the kinetic energy of the 
body can be written as (Figure 1.47) 

 
n

i

iinn
k

mmmmE
1

22
2211

22
...

22
.                (1.143) 

Figure 1.46 
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It is known that 
Hr

 or r  then 
2

2IEkrot
 

222

2

1

2
2

1

22 IrmrmE
n

i
ii

n

i

ii
k

.                    (1.144) 

From a comparison of  Ek rot with Ek translational 
motion

2

2mEk
 that the moment of inertia of the 

rotary motion replaces mass in the rotational motion 
and is a measure of the inertia of the body. 

If the body is involved in translational and 
rotational motions at the same time, it 

22

22 ImEEE krotkoransik
.           (1.145) 

For example, a cylinder rolling without slipping 
on a plane. 

2
2

22222

2222
m

R
mRmImEk

. (1.146) 

 
 

1.8.3 Torque. The dynamic equation of rotational motion of a rigid 
body 

The moment of a force (torque) F about a 
fixed point O is called pseudovector M  value 
equal to the vector product of the radius vector 

r  from the point O to the point of application 
of force, the force F  (Figure 1.48). 

M  - pseudovector its direction coincides 
with the plane of motion of the right screw as it 

rotates from r  to F . The direction of the 
torque can also be defined by the rule of his left hand, four fingers of his 

left hand to put in the direction of the first factor r , the second factor F  is 
in the palm, bent at right angles to the thumb indicates the direction of the 

torque M . Moment of the force vector is always perpendicular to the plane 

in which the vectors r  and F  
lr sin  

Figure 1.47 

Figure 1.48 
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- where l  the shortest distance between the line of action of the force 
and the point 0-called shoulder strength. 

FlM  
-strength shoulder on force. 
The moment of a force F  about a fixed axis Z is called a scalar 

quantity equal to the projection on the axis of the torque M  definedrelative 
to an arbitrary point O of  the  axis  Z.  If  the  Z-axis is perpendicular to the 

plane in which the vectors r  and F , i.e. coincides with the direction M , 
then a moment of force represented as a vector coincides with the axis. 

zz FrM .                                 (1.147) 
Axis, whose position in space remains unchanged during the rotation 

around the body in the absence of external forces, called the free axis of the 
body. 

For a body of any shape and with an arbitrary distribution of mass, there 
are 3 mutually perpendicular passing through the center of mass of the body 
axis, which can serve as free axes: they are called the principal axes of 
inertia. 

We find an expression for rotational motion of the body. Let the mass m 

solid external force iF . Then the work of this force for the time dt is 

dtrFdtFdA iiiiii .                          (1.148) 
Feasible in the mixed product of vectors a cyclic permutation of the 

factors 
bacacbcba ,                            (1.149) 

dtMdtMdtFrdA ziiiiii ,              (1.150) 

dtd ,                                           (1.151) 

dMdtMAdA zzi i ,                    (1.152) 

dMdA z .                                              (1.153) 
Work rotation of the body is the product of the moment of the force on 

the angle of rotation of the body d . Work is to increase its kinetic energy: 
KdEdA ,                                             (1.154) 

dIIddE z
Z

K 2

2
.                            (1.155) 

Then 
dIdM zz ,                                    (1.156) 
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Or 

dt
dI

dt
dM zz

,                                 (1.157) 

zzz I
dt
dIM ,                              (1.158) 

IM
dt
d

z
.                            (1.159) 

the basic equation of the dynamics of rotational motion. 
If the axis of rotation coincides with the main axis of inertia through the 

center of mass, then the vector equality. 

IM .                                    (1.160) 
I - principal moment of inertia (moment of inertia with respect to the 

main axis). 
 

1.8.4 The angular momentum. The law of conservation of angular 
momentum 

Angular momentum of a particle A relative to a fixed point 0 is a 
physical quantity, defined by the vector product 

mrprL ,                             (1.161) 

plrrmprprL )sin()sin( ,              (1.162) 

r  - radius vector from the point O to the point A. 
mp  - the momentum of a particle. 

L  - pseudovector, its direction is determined by the left-hand rule. 
Angular momentum of a rigid body about a fixed axis Z is called a 

scalar quantity equal to the projection on the axis of the angular momentum, 
defined relative to an arbitrary point O that axis. The value of the angular 
momentum Lz is independent of the point O on the axis Z. 

The angular momentum of a rigid body about an axis is the sum of the 
angular momentum of individual particles: 

z

n

i
iii

n

i
ii

n

i
iiiz IrmrrmrmL

1

2
2

1
1

1

              (1.163) 

Differentiate with respect to dt 
zz IL ,                                           (1.164) 

Zz
z MI

dt
dL ,                                     (1.165) 
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Z
z M

dt
dL ,                                         (1.166) 

- the basic equation of the dynamics of rotational motion. 
Generally performed vector equality 

M
dt
Ld ,                                       (1.167) 

In a closed system the moment of the external forces is zero 

const
dt
Ld 0  2211 II ,                       (1.168) 

The law of conservation of angular momentum: the angular momentum 
of a closed system is conserved; i.e does not change over time. 

Table 3 
The values characterizing the translational and rotational motion, and 

the relationship between them 
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Momentum, 
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Angular 
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I
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amF  

Moment of 
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work of the 
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In the absence of an applied torque, angular momentum is 
conserved. 

An interesting example of torque and angular momentum is a gyroscope 
(Figure 1.49). 

This is a spinning object balanced on a pivot. 

 
Figure 1.49 

 

The object  is  set  to  spin  about  its  axis,  and instead  of  falling  down as  
you would expect, it “precesses” about the pivot. 

Consider first a gyroscope which is not spinning 

  
                Figure 1.50                                                          Figure 1.51 
 

Gravity pulls the centre-of-mass 
down ( ), applying a torque 

r  at right angles to both r  
and . (Figure 1.50) 

The change in the angular 
momentum in a time dt  is  

dtLd  
Which is also at right angels to 

both r . (Figure 1.51) 
 

With each dt, the changes in angular momentum add up, the angular 
momentum gets bigger and the gyroscope falls more quickly. 

Now consider a gyroscope which is spinning 
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                   Figure1.52                                                     Figure 1.53 
 

As before, Gravity pulls the 
centre-of-mass down ( ), 
applying a torque r  at right 
angles to both r  and . 
(Figure 1.52) 

Now dtLd , as before, but this 
time the torque only changes the 
direction of the angular 
momentum, not its magnitude. 
(Figure 1.53) 

The angular momentum is always in the same direction as so the 
gyroscope doesn’t fall – it precesses. 
For a gyroscope of mass m: 

  
                    Figure 1.54                                                  Figure 1.55 
 

Downwards force on centre-of-mass mg . 

Torque (Figure 1.54) mgr . 
Change of angular momentum (Figure 1.55) LddL . 
So 

L
mgr

dt
dmgr

dt
dL

dt
dL . 

The gyroscope precesses with an angular speed 
L

mgr . 
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1.9 CONTINUUM MECHANICS 
1.9.1 Continuum model, leading to the problem model.  
In the outside world there are movements that can not be described 

within the model we studied (particles of solids). This is the movement of 
liquids or gases flowing through the pipes (fuel and technical liquids in 
pipelines aircraft), flow around the ship (water), aircraft (air) and so on. 

Physical Description motions of liquids and gases requires a separate 
mechanical model that has certain features. First, in substance, that moves 
are usually no fixed geometric dimensions and shape (an example is the air 
that flows around the airplane). 

 Second, its characteristics (speed, etc.). Not local and distributed 
throughout the material, and they can be different at different points and 
change over time. This condition satisfies the continuum model. 

ontinuum is a mechanical model that provides continuous spatial 
distribution of matter and its motion characteristics. 

The continuum model ignores the real continuum discrete (atomic and 
molecular) structure of matter. 

The key objectives of continuum models are: 
a) The calculation of traffic characteristics continuum each point in space, 
depending on the time and environmental conditions; 
b) calculate the forces acting on the body that moves relatively continuum, 
as well as the distribution of forces on the body surface. 

Experience shows that the main types of motion (or flow types) 
continuum is laminar and turbulent flow. Laminar flow  can be divided into 
separate flow layers do not mix with each other. Turbulent flow is 
unordered traffic 
environments that can not be 
suspended even stratified. 

Turbulent flow is 
stochastic (non-deterministic), 
characteristics that can not be 
accurately calculated. Laminar 
and turbulent flow occur at 
particular  air  flow  around  the  
wings of the aircraft during 
flight (Figure 1.56). 

If the smooth flow of air is interrupted over a wing section, turbulence is 
created which results in a loss of lift and a high degree of drag. An airfoil 
designed for minimum drag and uninterrupted flow of the boundary layer is 
called a laminar airfoil [142]. 

Figure 1.56 
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1.9.2 The density of the medium. The rate of flow lines and flow 
tube. Fixed flow 

Consideration model continuum we start with its basic concepts. First of 
all, note that instead of the name "solid medium" is often used term "liquid", 
we will also use it. 

The density of the medium. Consider the movement of fluid in the 
system of coordinates (x,  y,  z) (Figure 1.57). Isolate a small amount of 
liquid V t mass moving with fluid ( "liquid particles"). Medium density  
is defined as 

 = 
V
m

V
lim

0
 = 

dV
dm .                                              (1.169) 

Quantifies the density inert fluid properties. In SI units [ ] = kg / m3. 
The density generally depends on the coordinates of the space in which it is 
measured, and from time to 
time:  =  (x, y, z, t) [143]. 

An important partial 
model is stationary currents, 
which flow characteristics at 
different points in space 
may be different, but each 
point,  
these characteristics do not depend on time. For stationary flow 

).,,( zyx  
The rate of flow lines and flow tube  flow velocity at the point space 

coordinates ),,( zyx  at time t is the rate of liquid particles, which at the 
moment passes through this point (see. Figure 1.57). In general, 

),,( zyx , for stationary flows ),,( zyx . 
For laminar flow can introduce the concept of flow lines - an imaginary 

line tangent to the direction in which arbitrary point coincides with the 
direction of the flow velocity vector v at this point. The direction of the 
flow lines indicate flow direction (see. Figure 1.57). In steady flow pattern 
lines  flow  does  not  change  with  time,  and  they  reflect  the  current  line  
trajectory of fluid particles (in unsteady flows is not the case). 

Tube current (or stream) is a tsylindropodibnyy imaginary volume of 
space bounded laterally flow lines. In laminar flow steady flow all can be 
divided into separate streams, each of which is fixed. The fluid flows inside 
of a tube flow only through the intersection Sex its input, and comes out of it 
only through its initial intersection Sent (see. Figure 1.57). In special 
disciplines to analyze trends sometimes used tube of infinitesimal current 
input and output section - elementary streams. 

Figure 1.57 
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1.9.3 Equations of continuity of flow. A model of ideal 
incompressible 
Mach fluid. Continuity equation for incompressible fluid flow 

We turn to the study of the laws of motion continuum. Confine 
ourselves to these laws in the case of stationary laminar flows. 

Consider the flow tube, through which the stationary fluid flow 
(Figure 1.58) [143]. Let S1 and S2 - square input and output sections of the 
tube, 1 and 2 - density of the liquid, 1  and 2  - flow velocity in these 
sections. Over a short period of time t in the receiver enters mass of liquid 

tSm 1111 ,                                         (1.170) 
and flows out of the tube during the same period t 

tSm 2222                                           (1.171) 

 
Figure 1.58 

 

Since the flow is stationary, the mass of the fluid inside the tube can 
change over time, so 1 = 2. 
Equating the right sides of equations (1.170) and (1.171) and reducing to t, 
we get 

222111 SS             (1.172) 
Since sections S1 and  S2 can be carried out at random locations of the 

tube current, this equality means that for any flow tube 
                                       S  = const.                                                (1.173) 

In the stationary laminar flow continuum medium density product to 
flow velocity and the cross-sectional area of the tube current remains 
constant along any flow tube. 

This law is called the law of continuity of flow. From equations (1.170) 
and (1.171) that the value vS, located on the left side (1.173) is m / t 
(kg/ s), that determines the mass of fluid passing through the tube flow per 
unit time (i.e, 1 s). In special disciplines, this value is often called mass flow 
or flow (liquid, air ) Because of (1.173) is called the equation of 
sustainability costs. 

Different problems hydro- and aerodynamics is often used continuum 
model for which  = const - incompressible fluid model. The analysis shows 
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that compressibility of real fluids and gases is negligible provided 
sound  , where  - flow velocity and sound  - speed of sound in the 

medium under these conditions. An important characteristic of fluid flow 
Mach number is: 

sound

M ,                                    (1.174) 

Incompressible fluid model is valid in the case of M << 1 regardless of 
the actual physical nature of the medium (gas or liquid). For this model, the 
formulas (1.172) and (1.173) based 1 = 2 or  = const follows the law of 
continuity for incompressible fluid flow 

2211 SS  or S  = const                        (1.175) 
The value of S  =  V  /  t  (m3 / s) determines the volume of fluid 

passing through the tube flow per unit of time is called volumetric flow rate. 
Since the law (1.175) that the incompressible fluid with decreasing 

cross-sectional area of the tube current, the flow velocity increases and vice 
versa. For compressible medium (also called compressible gas) this 
statement is generally not fair. The analysis shows that with decreasing 
cross-sectional area of the tube current flow rate will increase only when 
this rate is less than the speed of sound (M <1). In the case of M> 1 with 
decreasing flow cross-sectional area decreases as flow rate and with the 
increase - increases. 

 
1.9.4 Equations and Bernoulli's law for ideal incompressible fluid 
We  now  turn  to  the  formulation  of  the  law  of  the  dynamics  of  

continuous media - Bernoulli law. The law we have to formulate a simple 
model of a continuum - a model of ideal incompressible fluid [143]. 

Ideal incompressible fluid is a continuous medium in which the density 
is constant in time and equal in all its points (  = const) and, furthermore, 
no internal friction force between different parts of the liquid. 

 
Figure 1.59 
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For a Bernoulli equation will allocate a certain amount of fluid that 
moves inside of a tube flow. Since the flow is stationary, this change in 
position can be reduced to the transition of a fluid volume mass m V out 
(1) to position (2) (Figure 1.59). Changing the kinetic energy of the fluid 

A = 
2

2
2m – 

2

2
1m                                   (1.176) 

The value of A equal to the mechanical work of all the forces acting on 
the selected portion of the fluid in its motion inside the tube current. As the 
fluid is ideal, the friction force between the selected part of the fluid and 
fluid surrounding the missing, as are left only gravity and pressure forces F1 
and F2, which are normal to the tube sections flow so 

A = atrac. + pr.                                  (1.177) 
Work gravity formula to the change of potential energy mass m, which 

moved from the height h1 to a height h2. From formulas (1.176) and (1.177) 
we have 

atrac. = gh1 – gh2.                             (1.178) 

Work pressure forces is Apr. = F1 l1 - F2 l2. Given that F1 = r1S1 and F2 
= r2S2 (where p1, p2 - pressure fluid respectively at the beginning and end of 
the selected portion of the tube current, S1,  S2 - square of the respective 
sections) and subject nestyslyvosti liquid S1 l1 = S2 l2 = V , have 

                            pr. = 1 V– 2 V.                                  (1.179) 

Substituting formula (1.178) and (1.179) to (1.177) in view of (1.176), 

we obtain - 
2

2
2m – 

2

2
1m = gh1 – gh2  + 1 V– 2 V. Consider that 

m = V. Substituting this in previous equality, reducing both its part and 
on V reordering members have 

                   1 + 
2

2
1  + gh1 = 2 + 

2

2
2  + gh2.                  (1.180) 

Current velocity v1 and v2 can be registered in random sections of tube 
current, so (1.180) means that along the tube reaches the condition 

  +  
2

2  + gh = const.                         (1.181) 

This comprises three equal terms with the dimension of pressure (Pa): p 
- pressure at this point of the liquid (static pressure); 

2

2 - dynamic pressure 

(or dynamic pressure); gh - hydrostatic pressure. Equation (1.181) means 
that 

• The amount of static, dynamic and hydrostatic pressure remains 
constant along any flow tube ideal incompressible fluid. 
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This statement is called the law of Bernoulli and equation (1.181) or an 
equivalent (1.182) - Bernoulli equation for ideal incompressible fluid. 
 

1.9.5 Laminar Flow 
In fluid dynamics, laminar movement, as well as streamline movement, 

takes place when a fluid moves within equivalent levels one above another, 
without interruption between your layers. At reduced velocities, the actual 
fluid has a tendency to stream without having lateral blending, as well as 
adjacent layers,  glide past each other just like actively playing cards. There 
aren’t any cross-currents vertical with respect towards the path associated 
with movement, neither eddies or even whirls relating to fluids. In laminar 
movement, the particular motion belonging to the particles in the fluid is 
incredibly organised with all of the particles entering into direct lines 
synchronised towards the pipe walls. Laminar movement is really a flow 
routine observed as a substantial momentum diffusion and occasional 
momentum  convection.  Whenever  a  fluid  is  usually  flowing  by  way  of  a  
closed funnel say for example a pipe or even in between a couple of flat 
plates, possibly associated with two kinds of movement can happen with 
respect to the velocity as well as viscosity in the fluid: laminar flow or 
turbulent flow. Laminar flow has a tendency to take place within lower 
velocities (Figure 1.60), beneath a threshold from which it will become 
turbulent. In non-scientific conditions, the laminar movement is actually 
consistent at the same time turbulent circulation is usually rough. 

 
Figure 1.60 

 
1.9.6 Turbulent Flow 
In the field of the fluid dynamics, interrupted flow of the fluid is called 

turbulent flow. Turbulent flow, the kind associated with fluid (it could be 
gas as well as liquid) movement in which the fluid passes through 
unpredictable variances, as well as blending, as opposed to laminar flow, 
during which the fluid proceeds in sleek ways or even levels. When it 
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comes to turbulent flow the rate belonging to the fluid with a level is 
constantly in the process of modifications in equal magnitude as well as the 
path. The movement associated with the wind and also estuaries and rivers 
is normally turbulent in this particular sense, whether or not the currents 
tend to be smooth. The environment or even water whirls as well as eddies 
at the same time it’s general mass proceeds together a particular 
direction. Most kinds associated with fluid movement tend to be turbulent, 
besides laminar flow at the primary edge of solids going in accordance with 
fluids as well as incredibly near to solid areas, for example the inside wall 
associated with a pipe, or perhaps in cases associated with fluids involving 
substantial viscosity (comparatively terrific sluggishness) moving gradually 
by means of little channels. Typical examples of turbulent flow are usually 
blood circulation inside arteries, oil transportation inside pipelines, lava 
movement, atmosphere as well as sea currents, the particular movement by 
means of pumping systems as well as turbines, and also the movement 
when it comes to boat wakes as well as close to aircraft wing tips 
(Figure 1.61, Figure 1.62). 

  
Figure 1.61                                                Figure 1.62 
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Chapter 2 MOLECULAR PHYSICS AND 
THERMODYNAMICS 

 
2.1 MOLECULAR PHYSICS 
2.1.1 On molecular physics and thermodynamics. Statistical and 

thermodynamic methods 
Molecular physics and thermodynamics - the physical science that study 

macroscopic processes in bodies, due to the huge number of bodies 
contained in atoms and molecules. 

Molecular physics is a branch of physics that studies the structure and 
properties of matter, based on the so-called molecular-kinetic concepts. 
According to these ideas: 

1. Any body - solid, liquid or gas is made up of a large number of very 
small particles of isolated molecules. 

2. The molecules of any substance is in an endless chaotic motion (eg., 
Brownian motion). 

3. Used an idealized model of an ideal gas, which provides: 
a) own volume of the gas molecules is negligible compared to the 

volume of the vessel (vacuum). 
b) no forces between the molecules interact. 
c) clash of the gas molecules with each other and with the walls of the 

vessel is elastic. 
4. The macroscopic properties of  bodies (pressure, temperature, etc.) 

are described by statistical methods, the basic concept of which is the 
statistical ensemble, i.e describes the behavior of a large number of particles 
through introduction of the average characteristics (average speed, energy) 
the whole ensemble, and not a single particle. 

Thermodynamics in contrast to the molecular-kinetic theory studies the 
properties of macroscopic bodies, is not interested in their macroscopic 
picture. 

Thermodynamics -  the  branch  of  physics  that  studies  the  general  
properties of macroscopic systems in thermal equilibrium, and the transition 
between these states. 

At the heart of thermodynamics are three fundamental laws, called 
thermodynamics, established by summarizing a large set of experimental 
facts. 

Molecular-kinetic theory and thermodynamics complement each other to 
form a whole, but to distinguish different methods of investigation. 

Thermodynamic system - a set of macroscopic bodies that interact and 
exchange energy between themselves and with other bodies. State of the 
system is given by the thermodynamic parameters - a set of physical 
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quantities characterizing the properties of a thermodynamic system, usually 
in a position to choose the parameters as temperature, pressure and specific 
volume. 

Temperature - a physical quantity that characterizes the state of 
thermodynamic equilibrium macroscopic system. 

[T] = K – thermodynamic scale, [t] = °C - International Practical Scale. 
Relationship thermodynamic and international practical temperatures: 

T = t + 273, for example, at t = 20°C, T = 293 K. 
Specific volume - this volume per unit mass. When the body is 

homogeneous, ie  = const, then the macroscopic properties of a 
homogeneous body can represent the body volume V. 

 
2.1.2 Mole of substance. Avogadro's number. Avogadro's law 
In physics, the Avogadro constant (named after the scientist Amedeo 

Avogadro) is the number of constituent particles, usually atoms or 
molecules, that are contained in the amount of substance given by one mole. 
Thus, it is the proportionality factor that relates the of a compound to the 
mass of a sample. Avogadro's constant, often designated with the symbol 
NA or L, has the value 6.022140857(74)×1023 mol 1 in the International 
System of Units (SI). 

Previous definitions of chemical quantity involved Avogadro's 
number, a historical term closely related to the Avogadro constant, but 
defined differently: Avogadro's number was initially defined by Jean 
Baptiste Perrin as the number of atoms in onegram-molecule of atomic 
hydrogen, meaning one gram of hydrogen. 

This number is also known as Loschmidt constant in German literature. The 
constant was later redefined as the number of atoms in 12 grams of the isotope 
carbon-12 (12C), and still later generalized to relate amounts of a substance to 
their molecular weight. For instance, to a first approximation, 1 gram 
ofhydrogen element (H), having the atomic (mass) number 1, has 6.022×1023 
hydrogen atoms. Similarly, 12 grams of 12C, with the mass number 12 (atomic 
number 6), has the same number of carbon atoms, 6.022×1023. Avogadro's 
number is adimensionless quantity, and has the same numerical value of the 
Avogadro constant given in base units. In contrast, the Avogadro constant has 
the dimension of reciprocal amount of substance. 

Revisions in the base set of SI units necessitated redefinitions of the 
concepts of chemical quantity. Avogadro's number, and its definition, was 
deprecated in favor of the Avogadro constant and its definition. Changes in 
the SI units are proposed to fix the value of the constant to exactly 
6.02214X×1023 when it is expressed in the unit mol 1, in which an "X" at the 
end of a number means one or more final digits yet to be agreed upon. 
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In chemistry, the molar mass M is  a  physical  property  defined  as  the  
mass of a given substance (chemical element orchemical compound) 
divided  by  the  amount  of  substance.  The  base  SI  unit  for  molar  mass  is  
kg/mol. However, for historical reasons, molar masses are almost always 
expressed in g/mol. 

As an example, the molar mass of water: M(H2O) 18 g/mol. 
The molar mass of atoms of an element is given by the standard relative 

atomic mass of the element multiplied by the molar mass constant, Mu = 
1 × 10 3 kg/mol = 1 g/mol:  

M(H) = 1.007 97(7) × 1 g/mol = 1.00797(7) g/mol. 
M(S) = 32.065(5) × 1 g/mol = 32.065(5) g/mol. 
M(Cl) = 35.453(2) × 1 g/mol = 35.453(2) g/mol. 
M(Fe) = 55.845(2) × 1 g/mol = 55.845(2) g/mol. 

The ideal gas law is the equation of state of a hypothetical ideal gas. It 
is  a  good  approximation  of  the  behavior  of  many  gases  under  many  
conditions, although it has several limitations. It was first stated by Émile 
Clapeyron in 1834 as a combination of the empirical Boyle's law, Charles' 
law and Avogadro's Law. The ideal gas law is often written as 

nRTPV ,                                             (2.1) 
where: 
P  -  the pressure of the gas, V  - the volume of the gas, n  - s the amount 

of substance of gas (in moles), R  - is the ideal, or universal, gas constant, 
equal to the product of the Boltzmann constant and the Avogadro constant, 
T  - is the absolute temperature of the gas. 

It can also be derived microscopically from kinetic theory, as was 
achieved (apparently independently) by August Krönigin 1856 and Rudolf 
Clausius in 1857. 

How much gas is present could be specified by giving the mass instead 
of the chemical amount of gas. Therefore, an alternative form of the ideal 
gas law may be useful. The chemical amount (n) (in moles) is equal to the 
mass of each molecule of the gas (m) (in grams) divided by the molar mass 
(M) (in grams per mole): 

M
mn . 

By replacing n with  m/M and subsequently introducing density  = m/V, 
we get: 

RT
M
mPV ,                                         (2.2) 

T
M
RP .                                        (2.3) 
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Defining the specific gas constant Rspecific(r) as the ratio R/M, 
TRP specific .                                     (2.4) 

This  form of  the  ideal  gas  law is  very  useful  because  it  links  pressure,  
density, and temperature in a unique formula independent of the quantity of 
the considered gas. Alternatively, the law may be written in terms of the 
specific volume v, the reciprocal of density, as 

TRP specific .                                    (2.5) 
It is common, especially in engineering applications, to represent the 

specific gas  constant  by  the  symbol  R.  In  such  cases,  the  universal gas 
constant is usually given a different symbol such as R  to distinguish it. 

In any case, the context and/or units of the gas constant should make it 
clear as to whether the universal or specific gas constant is being referred to. 

 
2.1.3 Molecular-kinetic theory (MKT) for ideal gases 
In molecular - kinetic theory uses an idealized model of an ideal gas. 
Ideal gas called gas whose molecules do not interact with each other at a 

distance and have a negligible own sizes. 
In real gas molecules have the force of intermolecular interaction. 

However, H2, He, O2, N2 with n. c. (T = 273 K, P = 1.01 x 103 Pa) can be 
roughly considered as an ideal gas. 

The process by which one of the parameters (p, V, T, S) remain constant, 
called isoprocesses (Figure`s 2.1-2.3). 

 

 
Figure 2.1 

 
1. Isothermal process T = const, m = const, described by Boyle's law: 

constPV .                                        (2.6) 
2. Isobaric process p = const is described by Gay-Lussac 

)1(0 tVV .                                    (2.7) 

TVV 0                                          (2.8) 
-thermal coefficient of volumetric expansion  = 1/273 K-1. 



 67 

 
Figure 2.2 

 
3. Isochoric process V = const is described by Charles law. 

 
Figure 2.3 

 
)1(0 tpp                                             (2.9) 

Tpp 0 ,                                                (2.10) 
 - characterizes the dependence of the temperature.  is equal to the 

relative change in volume of a gas when heated at 1 K. The experience,  
is the same for all gases and is  = 1/273 K-1. 

At random motions of gas particles 
collide with each other and with the 
walls of the vessel. The mechanical 
action of the collision, the vessel is seen 
as pressurn the walls. We distinguish 
on wall of the vessel some elementary 
area S and find the pressure on this 
area. 

The momentum obtained by 
concerned  wall  by  the  impact  of  a  
single molecule will be equal 
 
 

 Figure 2.4 
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wxwx pmpm `00       (2.11) 

xw mp 02` ,                 (2.12) 

m0 - mass of a single molecule. 
 
 
 

 
Newton's second law can be written as: 

)( xmdFdt ,                                         (2.13) 

iicpi tFdtF ,                                            (2.14) 
ti-time between two successive collisions of the i-th molecule with this 

wall 
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All directions are equivalent: 
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We introduce the mean square velocity, which characterizes the whole 
set of molecules 
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Figure 2.5 
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sqmnmp  - the basic equation of the MKT. 
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From equation Mendeleev - Clapeyron: 
2
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1

sqmm RTRTpV ,                             (2.30) 
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.                      (2.32) 

 
2.1.4 Maxwell's law of distribution of velocities and energies 
The distribution law of ideal gas molecules in velocity, theoretically 

derived by Maxwell in 1860 determines how many molecules dN 
homogeneous (p = const) monatomic ideal gas of the total number N of 
molecules per unit volume at a given temperature T speeds in the range of 
inmates  to d . 

To derive the function of the velocity distribution f(v) equal to the ratio 
of the number of molecules dN, the speed of which lie in the interval 

d  to the total number of molecules N and the size of the interval 
d  (Figure 2.6) 

Nd
dNf )()( .    (2.33) 

Maxwell used two sentences: 
a) all directions in space are equivalent and therefore any direction of 

the particle, ie, any direction of the velocity is equally likely. This property 
is sometimes called the property of the isotropic distribution function. 

b) moving along three mutually perpendicular axes that are independent, 
i.e x-component of velocity x  does not depend on what the meaning of its 
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components or y , z . And then the output f(v) is initially for one 
component x  , and then extended to all the coordinates of speed. 

It is also believed that the gas consists of a large number N of identical 
molecules are in a state of random thermal motion at the same temperature. 
Force fields do not apply to gas. 

Function f (v) determines the relative number of molecules 
N

dN )(  

speeds are in the interval from  to d  (eg gas has N = 106 molecules, 
with dN = 100 molecules have a velocity of  = 100 and d  = 101 m /s 
(dv = 1 m/s) then 

4
6 10

110
100)(f  

Using the methods of probability 
theory, Maxwell found the 
function f (v) - the distribution of 
ideal gas molecules in velocity: 

kT
m

e
kT

mf 222
3

0

2
0

2
4)( ,    

(2.34) 
f (v) depends on the type of gas (the 
variable (temperature T) 

f (v) depends on the ratio of the kinetic energy of a molecule corresponding 

to selected speed  
2

2
0m  to the value of kT characterizes the average 

thermal energy of the gas molecules. 
For small  22e and the function f(v) changes almost on a parabola 

2 . With an increase in the factor 22e  decreases faster than the 
multiplier 2 , i.e a max function f (v). The speed at which the distribution 
function of molecules of an ideal gas at the maximum speed is called the 
most probable velocity mp from the condition: 

0)(`0f ,                                              (2.35) 

0))0(( f
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d ,                                         (2.36) 
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Figure 2.6 
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RT
m
kT

mp
22 ,         (2. 38) 

T~  -  therefore,  with  increasing  
temperature the most probable speed 
increases, but the area of S , 
bounded by the curve of the 
distribution function remains 
unchanged, since the normalization 

condition 1)(
0

df  since the 

probability of a certain event is 1, so that the temperature distribution curve 
f(v) will stretch and fall. 

In statistical physics, the average value of any quantity is defined as the 
integral from 0 to infinity, the product of the probability density for this 
value (statistical weight) (Figure 2.7) 

0

)( dxxxfx ,                                      (2.39) 

Then the arithmetic average velocity of the molecules 
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and integrating by parts received 
RT

m
kT

av
88 ,                                   (2.41) 

Speed, characterizing the state the gas 
RT

mp
2 ,                                       (2.42) 

RT
av

8 ,                                          (2.43) 

RT
sqm

3
..

.                                          (2.44) 

 
2.1.5 Experimental verification of the Maxwell distribution of law – 

Stern experience 
Along the axis of the inner cylinder tight platinum wire, covered with a 

layer of silver, which is heated by the current. When heated, the silver 

Figure 2.7 



 72 

evaporates; the silver atoms are emitted 
through the gap and onto the inner surface of 
the  second  cylinder.  If  both  cylinders  are  
fixed, all atoms regardless of their speed fall 
in the same place B (Figure 2.8). 

When rotating cylinder with an angular 
velocity  silver atoms get into the points B', 
B''  and  so  on.  The  magnitude  of  ,  the  
distance and displacement x = BB'can 
calculate the velocity of the atoms belonging 
to a point B'. 

 

IIR
V
lx ,                                            (2.45) 

IIR
x

l .                                            (2.46) 

Slit image getting blurred. Exploring the thickness of the deposited layer 
can estimate the distribution of the velocity, which corresponds to a 
Maxwellian distribution. 

 
2.1.6 Barometric formula. The Boltzmann distribution 
Up to now, we have considered the behavior of an ideal gas not liable to 

attack to external force fields. From experience it is well known that the 
action of external forces, a uniform distribution of particles in space can be 
broken. Since gravity molecules tend to fall to the bottom of the vessel. 

Intense thermal motion 
prevents precipitation of, 
and the molecules are 
distributed so that their 
concentration gradually 
decreases with increasing 
height. 

We derive the 
variation of pressure with 
height assuming that the 
gravitational field is 
uniform, the temperature 
is constant and the mass of 

all the molecules of the same. If the atmospheric pressure at a height h equal 
to p, then at a height h +  dh is equal to p +  dp (with  dh>  0,  dp <0, 
since p decreases with increasing h) (Figure 2.9). 

Figure 2.9 

Figure 2.8 
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The pressure difference at the heights h and h + dh, we can determine as the 
weight of the air molecules enclosed in a volume with a base area equal to 1 
and a height dh. 

gdhdppp )( ,                                   (2.47) 
 – density at the height h, and since 0dh , then  = const. 

Then 
gdhdp ,                                         (2.48) 

Of Mendeleev-Clapeyron equation. 

RT
p

V
mRTmpV ,                          (2.49) 

Then 

pdh
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gdp ,                                          (2.50) 
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dp .                                        (2.51) 

With the change in height from h1 to h2 pressure changes from p1 to p2 
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Potentiated this expression 
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1
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epp .                                          (2.55) 
Barometric formula shows how the pressure changes with altitude 

At 012 hh  .032 atmppp  
Then 

RT
gh

epp 0 ,                                           (2.56) 
Because the 

nkTp ,                                               (2.57) 
and 

kTnp 00 ,                                            (2.58) 

RT
gh

enn 0 ,                                             (2.59) 
n - the concentration of molecules at a height 
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n0 - the concentration of molecules at a height h = 0. 
Because the 

ANm0 , AkNR ,                                (2.60) 
then 

RT
gh

enn 0 ,           (2.61) 
ghmU 0 .             (2.62) 

the potential energy of the 
molecules in a gravitational field  

RT
gh

enn 0 .             (2.63) 
Boltzmann distribution law in an 

exterior potential field. From it follows that at T = const the density of gas is 
more there where potential energy of molecules is less. 

 
2.1.7 The experimental determination of the Avogadro`s constant 
J. Perrin (French scientist) in 1909, studied the behavior of Brownian 

particles in the emulsion gamboge (tree sap) with dimensions were 
examined with a microscope, which had a depth of field - 1 mm. 

Moving the microscope in the vertical direction could be to investigate 
the distribution of Brownian particles in height. 

Having applied to them a Boltzmann distribution law it is possible to 
write down 

RT
ghmm

enn
)(

0

1

,                                     (2.64) 
where m- particle mass 
m1 - weight of the displaced fluid. 

If n1 and n2 concentration of particles at levels h1 and h2, and 

AN
Rk ,                                            (2.65) 

then 
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Value 
mole

N A
1102,75,6 23  is in good agreement with the reference 

value 
mole

N A
11002,6 23 , which confirms the Boltzmann distribution of 

particles. 

Figure 2.10 
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2.1.8 The mean free path of the molecules. Effective diameter 
Gas molecules are in a state of chaotic motion continuously bump into 

each other. Between two successive collisions of molecules move uniformly 
in straight lines, passing with a path, which is called the mean free path. In 
general, the length of the path between successive collisions is different but 
since we are dealing with a large number of molecules and they are in 
random motion, we can speak of the mean free path (Figure 2.11): 

n
n )...( 21 .                 (2.67) 

The minimum distance that converge in a 
collision centers of two molecules, called the 
effective diameter of the molecule. 

It depends on the speed of the colliding 
molecules, that is, the temperature (the 
effective diameter decreases with increasing. 
For  a  second  (t = 1 s) molecule transits on 
the average parth equal in magnitude to the 
average velocity. 

If for one second, she undergoes an 
average z collision, then 

St
1 ,                                             (2.68) 

z
.                                                (2.69) 

To determine  believe that the molecule has the shape of a ball, and 
moves among other fixed molecules. This molecule is confronted only with 
those molecules whose centers are at a distance d,  i.e,  lie  within  the  
"broken" a cylinder of radius d. 

The average number of collisions per second is equal to one the number 
of molecules in the volume of "broken" cylinder. 

nVz ,                                           (2.70) 
where n - the concentration of the molecules, and 

2dV ,                                          (2.71) 
 -  average  speed  of  the  molecules,  or  the  path  traveled  by  it  in  1  

second. 
2dnz  - the average number of collisions. 

Taking into account a motion of other molecules: 
22 dnz ,                                          (2.72) 

Figure 2.11 
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nd 22
1 ,                                       (2.73) 

i.e 

n
1~ ,                                                 (2.74) 

n
n 1~~ ,                                          (2.75) 

1

2

1

2

1

1

p
p

n
n .                                         (2.76) 

 
2.1.9 Transport Phenomena 
Transport phenomena combine a group of processes associated with the 

irregularities of density, temperature and velocity of the orderly movement 
of individual layers of material. Alignment leads to inhomogeneities in 
transport phenomena. 

Transport phenomena in gases and liquids consist in the fact that these 
substances an ordered, directed mass transport (diffusion), momentum 
(internal energy) and internal energy (thermal conductivity). 

In the gas breaks complete randomness of the molecules and the 
distribution of molecular velocities. Deviations from the law of Maxwell 
explained directional transfer of physical characteristics of the material in 
the transport phenomena. 

We only consider the one-dimensional phenomena, in which the 
physical quantities determining these phenomena depend only on one 
coordinate 

1. Thermal conductivity 

 
Figure 2.12 

 
The phenomenon of thermal conductivity observed in the different parts 

of the considered gas temperature are different. Consideration of the effects 
of heat conduction from the microscopic point of view, shows that the 
amount of heat transported through the area S, perpendicular to the 
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direction of transfer is directly proportional to the thermal conductivity , 
which depends on the type of substance or gas, the temperature gradient 

x
T , the value area S and observation time t (Figure 2.12). 

Fourier law: 

tS
x
TxQ ,                                      (2.77) 

The minus sign in the Fourier law shows that heat is transferred in the 
direction of decreasing temperature T. 

With molecular-kinetic phenomena in terms of thermal conductivity is 
explained as follows. In the area of gas, where the temperature is higher, the 
kinetic energy of the random thermal motion of the molecules is greater 
than the area where the temperature is lower. As a result of random thermal 
motion of the molecules move from the area where the region above T, 
where T is less. 

However, they suffer from a kinetic energy greater of the average 
kinetic energy possessed by the molecules in the field of lower energy. Due 
to continuous collisions of molecules over time the process of alignment of 
the mean kinetic energy, that is, temperature equalization. The thermal 
conductivity  is equal 

Vc
3
1 ,                                           (2.78) 

mK
W

smK
Jm

s
m

m
kg

kgK
J

3
.                      (2.79) 

 
Where cV - specific heat capacity of gas at constant volume (a quantity 

of heat necessary for heating 1 kg of gas on 1 K at constant volume). 
 -  density of gas,  - average thermal velocity of the molecules,  - 

medial free length. 
Physical sense : the thermal conductivity  is numerically equal to 

density of a thermal stream 
tS

QfE
 at the temperature gradient 

x
T equal. 

 
2. Diffusion 
The phenomenon of diffusion is the spontaneous mixing of molecules of 

different gases or liquids. Diffusion phenomenon is observed in solids. In 
those cases where a chemically pure homogeneous gas concentration of 
molecules will be different, there is a transfer of molecules, leading to 
equalize (or concentration) of molecules. This phenomenon is of self-
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diffusion. For simplicity we assume that the density is inhomogeneous 
along the x axis. 

Of the phenomenon of self-diffusion from the macroscopic point of 
view was Fick, who established the following law: the mass of the gas 
transported through the area S, perpendicular to the direction of the 
transfer during t is proportional to the self-diffusion coefficient D, which 
depends on the type of gas, the density gradient 

x
,  the  value  of  the  site  

S and the observation time t (Figure 2.13). 

 
Figure 2.13 

 

tS
dx

DM  - Fick’s law.                           (2.80) 

The minus sign indicates that the mass of the gas transported in the 
direction of decreasing density. Self-diffusion coefficient D is numerically 
equal to the mass of gas transferred per unit time through a unit area 
perpendicular to the direction of transport, with a gradient of density equal 
to one 

x

j

tS
x

MD m ,                                      (2.81) 

 

tS
Mjm

 - fluence.                                      (2.82) 

According to the kinetic theory of gases 

3
1D ,                                                (2.83) 

s
mm

s
mD

2
.                                         (2.84) 

 
3. The internal friction (viscosity) 
The phenomenon of internal friction is observed in the case where the 

different layers of gas are moving at different speeds. In this case, the layers 
are decelerated more rapidly moving slowly. At the macroscopic motion of 
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the gas layers (i.e, wall motion as a whole) has an impact microscopic 
thermal motion of the molecules (Figure 2.14). 

 
Figure 2.14 

 
Consider one layer of gas moving at a speed v1 and gas layer 2, moving 

at a speed v2 v1 > v2. As a result of the thermal random motion of molecule 
A from layer 1 to layer 2 switch and change its momentum from the 
value mv to any value mv ' (v2 < v' < v1). 

The molecules B in a layer 2 as a result of the heat goes into the random 
motion of the layer 1 and change its momentum from the value mv2 to the 
value of mv''  (v2 < v'' < v1), that is, the molecules in the layer above the 
former two, once in the layer 1, collisions with molecules it accelerates its 
orderly movement, and ordered the moving molecules of the layer 1 is 
slowing. On the contrary, the transition of molecules from a fast-moving 
layer 1 to layer 2, they carry large momenta and intermolecular collisions at 
layer 2 speed motion of the molecules of this layer. 

The phenomenon of internal friction is described by Newton's viscous 
force F,  acting  between  two  layers  of  gas  is  directly  proportional  to  the  
internal friction coefficient , the velocity gradient and the size of square 
of S. 

(Impulse dp, carried through the area dS in the time t, is directly 
proportional to the internal friction coefficient , the velocity gradient 

dx
d , 

the value of the area dS and observation time dt). 

dSdt
dx
ddp  - Newton's law.                (2.85) 

dSdt
dx
d

dt
dpF .                                   (2.86) 

The minus sign indicates that the viscous force is opposite to the 
velocity gradient, that is, the momentum transferred in the direction of 
decreasing velocity.Coefficient of internal friction is given by 

3
1 .                                           (2.87) 
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Relation between the coefficients for the transport phenomena 

3
1D ,                                                  (2.88) 

D
3
1 ,                                           (2.89) 

Dccc VVV3
1 .                              (2.90) 

 
2.2 THERMODYNAMICS 
System is  a  restricted  region of  space  or  a  finite  portion  of  matter  one  

has  chosen  to  study.  Or  the  part  of  the  universe,  with  well-defined  
boundaries, one has chosen to study. 

Surrounding is the rest of the universe outside the region of interest 
(i.e. the rest of space outside the system). 

Boundary or Wall is the surface that divides the system from the 
surroundings. 

This wall or boundary may or may not allow interaction between the 
system and the surroundings. 

Open System: This is a system that its boundary allows transfer of mass 
and energy into or out of the system. In other words, the boundary allows 
exchange of mass and energy between the system and the surrounding.  

Closed System:  This  is  a  system that  its  boundary  allows exchange of  
energy alone (inform of heat) between the system and its surrounding (i.e. 
the boundary allows exchange of energy alone). This type of boundary that 
allows exchange of heat is called diathermal boundary.  

Isolated System: This is a system that its boundary allows neither mass 
nor energy between it and the surrounding. In other words, the boundary 
does not allow exchange of mass nor energy. 

Isochoric process: This  is  a  thermodynamic  process  that  occurs  at  
constant volume (i.e. V = 0 during this process). This implies that during 
this process no work is done on or by the system. 

Isobaric process: This  is  a  thermodynamic  process  that  occurs  at  
constant pressure (i.e. p=0 during this process). 

Isothermal process: This is a thermodynamic process that takes place 
at constant temperature (i.e. T = 0 during this process). 

Adiabatic process: This is a thermodynamic process in which there is 
no heat transfer into or out of the system. For this process, change in 
quantity of heat is zero (i.e. Q = 0 during this process). 

It is possible to have multiple processes within a single process. A good 
example would be a case where volume and pressure change during a 
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process, resulting in no change in temperature and no heat transfer. This 
kind of a process would be both adiabatic and isothermal. 

Cyclic Processes: These are series of processes in which after certain 
interchanges of heat and work, the system is restored to its initial state. For 
a cyclic process U =0, and if this is put into the first law  

Q =W.                                                 (2.91) 
This implies that the net work done during this process must be exactly 

equal to the net amount of energy transferred as heat; the store of internal 
energy of the system remains unchanged. 

Reversible Process: A reversible process can be defined as one which 
direction can be reversed by an infinitesimal change in some properties of 
the system. 

Irreversible Process: An irreversible process can be defined as one 
which direction cannot be reversed by an infinitesimal change in some 
properties of the system. 

Quasi-static Process: This is a process that is carried out in such a way 
that at every instant, the system departs only infinitesimal from an 
equilibrium state (i.e. almost static). Thus a quasi-static process closely 
approximates a succession of equilibrium states. 

Non-quasi-static Process: This is a process that is carried out in such a 
way  that  at  every  instant,  there  is  finite  departure  of  the  system  from  an  
equilibrium state. 

 
2.2.1 First law of thermodynamics. The internal energy 
Every thermodynamic system in any state 

has the energy, which is called the total 
energy. The total energy of the system 
consists of the kinetic energy of the system as 
a whole, the potential energy of the system as 
a whole and of the internal energy  
(Figure 2.15) 

 

2

2mEk
, mghE p

.                (2.92) 

 
The internal energy of a system is the sum 

of all kinds of random (thermal) motion of 
molecules: the potential energy of theintratomic and intranuclear 
movements. The internal energy is a function of the gas state. For the 
internal energy of the gas state is uniquely determined, that is, a certain 
function. 

Figure 2.15 



 82 

),,( TVpfU ,                                          (2.93) 
In the transition from one state to another internal energy changes. But 

the internal energy of the new state does not envy the process by which the 
system passed in this state. 

There are two different ways to change the internal energy of a 
thermodynamic system. The internal energy of the system can change as a 
result  of  the  work  and  as  a  result  of  heat  transfer  system.  The  work  is  a  
measure of change in the mechanical energy of the system. When the work 
is a movement system or individual macroscopic parts relative to each 
other. For example, fitting-in piston in the cylinder, which houses the gas, 
we compress the gas, causing its temperature increases, ie changes the 
internal energy of the gas. 

The internal energy can be varied as a result of heat transfer, ie impart to 
gas certain amount of heat Q. 

The difference between the heat and the work is that the heat is 
transferred  from  a  large  number  of  microscopic  processes  in  which  the  
kinetic energy of the molecules of a heated body in collisions of molecules 
transferred less heated body. Common between heat and work, that they are 
functions of the process, that is, we can talk about the value of warmth and 
work, when the transition of the system from the state the first in the state of 
the second. The warmth and the work is not a function of the state, as 
opposed to the internal energy. We can not say what is the work and heat 
the gas in state 1, but the internal energy in the state 1 can talk. 

Suppose that a system (gas enclosed in a cylinder under the piston), 
having internal energy, get some heat Q,  going  into  a  new  state,  
characterized by the internal energy of U2, has made the work of A over the 
environment, that is, against the external forces. The amount of heat is 
positive when it is applied to the system, and negative when taken from the 
system. Work is positive when it is done with gas against external forces, 
and negative when it is done on the gas. 

First Law of Thermodynamics:  The amount of heat ( Q), the system 
is given to increase the internal energy of the system and to perform system 
work (A) against external forces. 

AUQ ,                                          (2.94) 
VpA ,                                               (2.95) 

JAUQ .                                          (2.96) 
Record the I thermodynamics beginning differentiall form 

AdUQ ,                       (2.97) 
dU - infinitesimal change of an internal energy of system, A  - elementary 
work, Q  - infinitesimal amount of heat. 
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If the system periodically returns to its original state, the change in the 
internal  energy is  equal  to  zero.  Then QA 11  that  is,  I  kind  of  perpetual  
motion  machine,  batch  engine,  which  would  have  made  a  great  job  of  it  
than the message from outside the energy is not possible. 

 
2.2.2 The degrees of freedom of the molecule. The Law on the 

uniform energy distribution of the molecule. Energy distribution on 
molecule degrees of freedom 

The number of degrees of freedom of the mechanical system is  the  
number of independent variables, by which e can be specified at the system. 

Monatomic gas has three translational 
degrees of freedom i = 3, because to 
describe the position of the gas in the space 
of only three coordinates (x, y, z) 
(Figure 2.16). 

Rigid connection called a relationship 
in which the distance between the atoms is 
not changed. Diatomic molecule with a 
rigid connection (N2,  O2, 2) have three 
translational degrees of freedom and two 
rotational degrees of 
freedom: i=itransl +irot=3 + 2=5. 

Translational degrees of freedom 
associated with the motion of the molecule 
as a whole in space, rotational - with 
rotation of the molecule as a whole. 
Rotation about the axes x and z by the angle 

x and z to  changes  in  the  position  of  the  
molecules in space, the rotation axis of the 
molecule does not change its position, 
therefore, coordinate y in this case is not 
necessary. Triatomic molecule with a rigid 
connection has 6 degrees of freedom 

i= itransl+irot=3 + 3=6 
If the bond between the atoms is not 

tough, it adds the vibrational degrees of 
freedom. For non-linear molecules vibr = 
3N - 6, where N - number of atoms 

in the molecule. 
Regardless of the total number of degrees of freedom of the molecules 

of 3 degrees of freedom is always progressive. None of the translational has 

Figure 2.16 
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no advantage over the other, so each of them is on average the same energy, 
equal to 1/3 of  

transinp 33
2  nkTp  

kTtransi 2
3

3
 kTtransi

2
1

3
3

1
.                       (2.98) 

Boltzmann law has established that in order for the statistical system 
(i.e, for a system in which large number of molecules), which is in thermal 
equilibrium at each translational and rotational degrees of freedom have an 
average kinematic energy equal to 1/2 kT, and for each vibrational degree of 
freedom - the average energy equal to kT. 

Vibrational degree of freedom "has" twice as much energy because it 
accounts for not only the kinetic energy (as in the case of the translational 
and rotational motion), but the potential energy, and pk EE , so the 
average energy of a molecule 

kTiE
2
` ,                                              (2.99) 

vibrrottransl iiii 2` .                            (2.100) 
We will consider a molecule with a rigid connection, so 

rottransl iii ,                                    (2.101) 

kTiE
2

.                                             (2.102) 

as in an ideal gas the mutual potential energy of the molecules is zero (the 
molecules do not interact with each other), the internal energy is the product 
of 1 mol of the mean energy of one molecule to the number of molecules in 
a mole of substance, that is the number of Avogadro 

RTikTNiU A 22
.                                    (2.103) 

 
2.2.3 Heat capacity. Work gas 
Specific heat capacity of a substance - the value of which is equal to the 

amount of heat required to heat 1 kg of matter at 1K. 

mdT
Qc ,                                       (2.104) 

Tm
Qc ,                                       (2.105) 

Kkg
Jc .                                     (2.106) 

Molar heat capacity - the value of which is equal to the amount of heat 
needed to heat one mole of a substance by 1K. 
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dT
QC ,                                    (2.107) 

T
QC ,                                     (2.108) 

Kmole
JC .                                    (2.109) 

Relationship molar and the specific heat 
cC .                                       (2.110) 

Distinguish the specific heat at constant volume CV (V = const) and 
constant pressure Cp (p = constif in the process of 
heating a substance to the volume or the pressure 
is kept constant. 

Work of gases at change of its volume 
Consider a gas in a piston and a cylinder 

If the gas expands, the piston moves to the 
infinitesimal distance dl,  the  gas  produced on the  
piston work (Figure 2.17). 

pdVpSdlFdlA ,                      (2.111) 
where S - the piston area. dVSdl – change the volume of the system 

pdVA .                                     (2.112) 
A total work done by the gas at the change in volume fromV1 to V2 is 

equal 
2

1

V

V

pdVA .                                        (2.113) 

2.2.4 Cp, CV and the relationship between them (Mayer's equations). 
First law of thermodynamics, Q, U, A to izoprocesses 
  

Let's write down expressions I of the I law of thermodynamics for 1 
mole gas 

AdUQ ,                                  (2.114) 

dTCQ ,                                          (2.115) 

pdVA ,                                           (2.116) 
pdVdUdTC .                                  (2.117) 

If the gas is heated at constant volume (V = const, dV = 0) A = 0, and 
imparted to the gas heat goes only to increase its internal energy 

dUdTC ,                                       (2.118) 

dT
dU

CV
.                                          (2.119) 

Figure 2.17 
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that is, the molar heat of the gas at constant volume equals the change in 
internal energy of one mole of gas at temperatures hanging 1K. 

Because 

RdTidU
2

,                                   (2.120) 

RiCV 2
.                                        (2.121) 

If the gas is heated at constant pressure p = const 

dT
pdU

dT
dU

Cp
,                              (2.122) 

because 
dT

dU  it does not depend on the type of process (the internal energy 

does not depend on p and V, is determined only by the temperature T) and 

VC
dT

dU . 

From equation Mendeleev-Clapeyron 
RTpV ,                                            (2.123) 

dT
pdVRRdTpdV ,                                 (2.124) 

RCC Vp
 - Mayer equation. 

Mayer equation shows that Cp is always greater than the value of Cv on 
universal gas constant R, since at p = const requires an additional amount of 
heat to perform the work of expansion of gas, as constant pressure to ensure 
increased gas 

RiRRiRCC Vp 2
2

2
,                     (2.125) 

RiCp 2
2 ,                                       (2.126) 

Value 

2
21 i

C
R

C
RC

C
C

VV

V

V

p ,                          (2.127) 

is a characteristic value for each gas. For monatomic gases 3/5 , for 
biatomic - 7/5, for threeatomic – 4/3. 

1. Isothermal process T = const, m = const.  
Boyle's law 

2

1

1

2
2211 p

p
V
VconstVpVp ,                         (2.128) 
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2

1

1

2 lnln
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pRTm
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VRTm
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dVRTmpdVA
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V

V

V

,              (2.129) 

V
RTmp ,                                            (2.130) 

V
RTmp ,                                            (2.131) 

00 dUdTCdU V
,                           (2.132) 

AQAdUQ .                             (2.133) 
i.e  the  total  amount  of  heat  imparted  to  the  gas  is  consumed  in  the  

performance of his work against external forces 

2

1

1

2 lnln
p
pRTm

V
VRTmAQ .                      (2.134) 

that at work expanding the temperature did not change to gas during the 
isothermal process is necessary to sum up the amount of heat equivalent to 
the work of foreign expansion. 

2. Isobaric process. p = const m = const 

)( 12

2

1

VVppdV
V

V

,                                    (2.135) 

)( 12 VVpA .                                           (2.136) 
The Mendeleev-Clapeyron equation for state 1 and 2 (Figure 2.18): 

111 RTmVp ,              (2.137) 

221 RTmVp ,              (2.138) 

)()( 12121 TTRmAVVp ,   (2.139) 

)( 12 UUm
AR

.                  (2.140) 

The physical meaning of R: R is numerically equal to the work by 
heating 1 mole of gas at 1K (T2 - T1 = 1 K) in the isobaric process. 

dTCmU V
,                                        (2.141) 

dTCmQ p
 ,                                       (2.142)        

AdUQ ,                                          (2.143) 
AUQ .                                           (2.144) 

Figure 2.18 
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heat supplied to the gas, is the change in its internal energy and the work of 
the commission. 

3. Isochoric process. V = const, m = const 
0dVpA ,                                        (2.145) 

because V = const and 0dV  

dTCmdU V
,                                          (2.146) 

0A  dUA ,                                        (2.147) 
UQ ,                                                (2.148) 

dTCmdUQ V
.                                    (2.149) 

All the warmth imparted by gas, is the change in its internal energy. 
 

2.2.5 The adiabatic process. Polytropic process 
Called adiabatic process that takes place without heat exchange with 

the  environment.  To include  all  the  adiabatic  fast  processes.  For  example,  
an adiabatic process can be regarded as the propagation of sound in the 
medium, as speed of sound is so high that the energy exchange between the 
wave and the medium does not have time to happen.  

Adiabatic processes are used in internal combustion engines, 
refrigeration, etc. We find the equation relating the parameters of ideal gas 
at an adiabatic process. 

We write I law of thermodynamics. 
AdUQ ,                                    (2.150) 

For an adiabatic process 
0Q  dUA .                                (2.151) 

i.e external work is done by changing the internal energy of the system 
pdVA ,                                          (2.152) 

dTCmdU V
,                                       (2.153) 

0pdVdTCm
V

.                                 (2.154) 

From equation Mendeleev-Clapeyron express p 
RTmpV  

V
RTmp ,                                 (2.155) 

0dV
V
RTmdTCm

V
,                                 (2.156) 

0
V
dV

C
R

T
dT

V

.                                      (2.157) 
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Rewritten as: 

0ln
V
dV

C
RTd

V

,                            (2.158) 

i.e 

constV
C
RT

V

lnln ,                             (2.159) 

11
VVV
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R

C
RC

C
C .         (2.160) 

Potentiated 
)( ln Xe x ,                                        (2.161) 

constTV 1 .                                      (2.162) 
- Adiabatic equation in the coordinates T and V. 

R
PV

m
TRTmpV ,                          (2.163) 

constVV
mR

p 1 .                                   (2.164) 

- The Poisson equation (adiabatic equation 
in the coordinates p and V) (Figure 2.19): 

constpV ,               (2.165) 

V

p

C
C  - the adiabatic (or Poisson's ratio). 

pV = const - isotherm equation as  > 1, the 
adiabatic curve is steeper than the isotherm. 
This is explained by the fact that the  
 
adiabatic  compression  1  -  3  increase  in  gas  pressure  due  not  only  to  a  
decrease in its volume as an isothermal compression, but also increase in 
temperature 

p
RTmVRTmpV ,                         (2.166) 

const
p

RTmp ,                              (2.167) 

constTp
1

.                                      (2.168) 
- adiabatic equation in the coordinates p, T. 

Compute the work is done by the gas in an adiabatic process. 
First law of thermodynamics for an adiabatic process 

Figure 2.19 
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dTCmAdUA V
.                       (2.169) 

If the gas adiabatically expands from volume V1 to V2, its temperature 
decreases from T1 to T2, and the work of expansion of ideal gas 

)( 21

2

1

TTCmdTCmA V

T

T
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 )( 21 TT ,                   (2.170) 
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1

R
CV ,                            (2.171) 

constTV 1 ,                                    (2.172) 
constVTVT 1

22
1
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,                               (2.173) 

1

2

111

1

2

1
12 V

V
R
Vp

mV
VTT  ,                     (2.173,a)                

1

2

111 1
V
V

R
Vp

m
CmA V

,                         (2.174) 

1

2

111 1
1 V

VVpA .                            (2.175) 

The work done by the gas during the adiabatic expansion 1- 2  is equal 
to square, shaded in the figure and it is less than the work of an isothermal 
expansion. This is explained by the fact that the adiabatic expansion cools 
the gas, whereas the isothermal expansion temperature is kept constant by 
the influx from the outside of the equivalent amount of heat. 

Considered isochoric, isobaric, isothermal and adiabatic processes have 
in common - they occur at constant heat capacity (CV, CP, CT = , CA = 0). 
In the first two processes are equal to the heat capacity Cv and Cp in an 
isothermal process (dT = 0) CT = , in an adiabatic process Q = 0 
and CA = 0. 

The process in which heat is constant is called polytropic (C = const). 
Started on the basis of I law thermodynamics at a constant heat capacity 
(C = const) can be derived polytropic equation 

constpV n ,                                          (2.176) 
where 

V
V

p CC
CC
CC

n ; ,                                     (2.177) 

n - adiabatic index. 
When C = 0    n =      pV =const adiabatic equation 
When C =    n = 1    pV = const - isotherm equation 



 91 

When  =  n = 0  p = const, constTV
V
RTp n 1  

const
V
T  isobar equation. 

When  = V n = ±   constpVCC p ln0ln  constV . 
Thus, all the processes are special cases of a polytropic process. 

 
2.2.6 Entropy. Second law of thermodynamics 
Usually, any process in which the system moves from one state to 

another, occurs in a way that can not be done this process in the opposite 
direction so that the system passed through the same intermediate states, 
while in others the bodies are not any changes. This is due to the fact that in 
the process of the energy is dissipated, for example, due to friction, 
radiation, etc. Thus almost all processes in nature are irreversible. 

In any process of the energy is lost. To characterize the energy 
dissipation is introduced the concept of entropy. (The entropy characterizes 
the thermal state of the system and determines the probability of a given 
state  of  the  body.  The  more  likely  this  condition,  the  greater  the  entropy.)  
All naturel processes are accompanied by an increase in entropy. 

Entropy is constant only in the case of an idealized reversible process 
that occurs in a closed system, ie a system in which there is an exchange of 
energy with the external to this system bodies. 
Thermodynamic entropy and its meaning: 

T
QdS .                                          (2.178) 

Entropy is a function of the system, an infinitesimal change in a 
reversible process which is the ratio of the infinitesimal amount of heat 
introduced into the process, to the temperature at which it was introduced. 

All in a reversible process the entropy change can be calculated by the 
formula: 

2

1

2

1
12 T

QdSSSS ,                          (2.179) 

where the integration is one of the initial state 1 of the system to the 
final state 2. 

Since entropy is a state function, the integral 
T
Q  is the property of its 

independence  from  the  shape  of  the  contour  (path),  on  which  it  is  
calculated, so the integral is determined only by the initial and final states of 
the system. 

In any reversible process the change in entropy is equal to 0 
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0
2

1 T
QS     (2.180) 

In thermodynamics, it is proved that the system undergoes irreversible 
scycle increases 

0S ,          (2.181) 
Equations (2.180) and (2.181) apply only to closed systems, but if the 

system is exchanged heat with the environment, its S can behave in any 
way. 
Of (2.180) and (2.181) can be written as the Clausius inequality 

S  0,                                            (2.182) 
i.e entropy of a closed system can either increase (in the case of irreversible 
processes) or remain constant (in the case of reversible processes). 

If the system performs the equilibrium transition from state 1 to state 2, 
the entropy change 

2

1

2

1
1221 T

AdU
T
QSSS ,                     (2.183) 

where dU and A is recorded for a particular process. According to this 
formula S is determined up to an additive constant. The physical meaning 
is not the entropy, entropy difference. We find the entropy change in the 
process of an ideal gas. 

dTCmdU V
,                                      (2.184) 

V
dVRTmpdVA ,                                  (2.185) 
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T

T
V ,             (2.186) 

i.e changes in the entropy S S1  2 ideal gas at its transition from state 1 
to state 2 is independent of the process. 

Because for an adiabatic process Q =  0,  S = 0 => S = const, ie 
adiabatic reversible process takes place at constant entropy. So it is called 
isentropic. 

An isothermal process (T = const;  T1 = T2: 01ln ) 

1

2ln
V
VRmS .                                   (2.187) 

When isochoric process (V = const; V1 =V2; 01ln ) 

1

2ln
T
TCmS V

.                                 (2.188) 
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Entropy is additive: the entropy of the system is the sum of the entropies 
of bodies in the system. S = S1 + S2 + S3 + ... Qualitative difference of the 
thermal motion of molecules from other forms of movement is its state of 
chaos, randomness. Therefore, to characterize the thermal motion to 
introduce a quantitative measure of the degree of molecular disorder. 

If we consider any given macroscopic state of the body with some 
average values, then it is nothing but the continuous change of close 
microstates differing distribution of molecules in different parts of the 
volume and the energy is distributed between the molecules. 

These continuous successive microstates characterizes the degree of 
disorder of the macroscopic state of the entire system,  is called 
thermodynamic probability of the microstate. Thermodynamic probability 

 of  the  system  -  is  the  number  of  ways  that  this  can  be  done  state  
macroscopic system, or the number of microstates carrying this microstate 
(  1, and the mathematical probability of  1). 

According to Boltzmann, the entropy S of  the  system  and  the  
thermodynamic probability linked as follows: 

lnkS ,                                    (2.189) 
where k - Boltzmann constant, 

K
Jk 231038,1 . 

Thus, the entropy is defined logarithm of the state in which this can be 
achieved microstate. Entropy can be considered as a measure of the 
probability of the state thermodynamic system. Boltzmann formula allows 
us to give the following statistical interpretation of entropy. Entropy is a 
measure of disorder in a system. In fact, the greater the number of 
microstates realizing this microstate, the greater the entropy. 

In the equilibrium state of the system - the most probable state of the 
system - the maximum number of microstates, with the maximum and 
entropy. 

Because real processes are irreversible, it can be argued that all the 
processes  in  a  closed  system  leads  to  an  increase  in  its  entropy  -  the  
principle of entropy increase. 

In the statistical interpretation of entropy, this means that the process in 
a closed system are to increase the number of microstates, in other words, 
from less probable to more probable, as long as the probability of the state 
will not be maximized. 

The first law of thermodynamics, expressing energy conservation and 
transformation of energy, does not establish the direction of the flow 
thermodynamic  processes.  You can  also  submit  a  set  of  processes  that  do  
not contradict the beginning First law thermodynamic, in which energy is 
conserved, but in nature they are not implemented. 
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Possible formulation of the Second law of thermodynamics: 
1)  the  law  of  increasing  entropy  of  a  closed  system  in  irreversible  

processes: any irreversible process in a closed system is such that the 
entropy of the system is on the increase S  0. 

2) S  0 (S = 0 for a reversible and S  0 for an irreversible process). 
The processes that take place in a closed system, entropy does not decrease. 

3) From the Boltzmann S = k ln  > 0, and consequently, an increase in 
the  entropy  of  the  system  means  the  transition  from  a  less  probable  to  a  
more probable state. 

4) According to Kelvin: circular process is not possible, the only result of which 
is the conversion of heat received from the heater into an equivalent work. 

5) In the Clausius: circular process is not possible, the only result is to 
transfer heat from the less heated body to a warmer. 

To describe the thermodynamic systems at 0 K using Theorem Nernst-
Planck (third thermodynamics): the entropy of all bodies in equilibrium 
tends to zero as the temperature approaches 0 K 

0lim
0

S
T

.                                         (2.190) 

From Theorem Nernst-Planck equation, it follows that Cp = Cv = 0 at 0 K. 
 

2.2.7 Thermal and refrigerators. Carnot Cycle and its efficiency 
From  the  wording  of  the  second  law  of  

thermodynamics on Kelvin that a perpetual 
motion machine of the second kind is 
impossible. (Perpetual motion - this batch 
engine does work by cooling a heat source.) 

Thermostat is thermodynamic system that 
can exchange heat with the bodies without a 
change in temperature. 
The principle of operation of the heat engine: the 
thermostat with temperature T1 - heater for a cycle 
is subtracted the amount of heat Q1, a thermostat 
with temperature T2 (T2 < T1), refrigerator, for a 
series of heat transferred to Q2, while work is 
done A = Q1 -Q2 (Figure 2.20) 

Circular process or cycle is a process by which the system is going 
through a number of states, is reset. Cycle in the state diagram depicted a 
closed curve. Cycle, performed by an ideal gas can be divided into 
processes of expansion (1-2) and compression (2-1), the work of expansion 
is positive A1-2 > 0, because V2> V1, the work of compression is negative A1-

2 < 0, because V2 < V1. Hence, the work done by the gas per cycle, 
determined by the area covered by a closed curve 1-2-1. If the cycle is done 

Figure 2.20 



 95 

positive work 0pdVA  loop clockwise), then the cycle is called direct 

if 0pdVA  - reverse cycle (cycle occurs in a counter-clockwise). 

Direct cycle is used in heat engines - periodically a motor does the work 
by producing heat from the outside. Reverse cycle is used in refrigerators - 
periodically existing installations, in which through the work of external 
forces, heat is transferred to the body with a higher temperature. 

As a result of the circular process, the system returns to its initial state, 
and therefore, the total change in internal energy is zero. Then start the I law 
of thermodynamics for a circular process 

AAUQ ,                                     (2.191) 
that is, the work done per cycle is the amount of heat received from the 

outside, but 
Q = Q1 - Q2,                                          (2.192) 

where Q1 - the amount of heat received by the system, Q2 - the amount of 
heat given system. 

Thermal efficiency for cyclic process is the ratio of the work done by the 
system, to the amount of heat supplied to the system: 
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A .                   (2.193) 

To  = 1, the condition Q2 = 0, ie, heat engine 
should have one heat source Q1, but this contradicts the 
second law of thermodynamics. 

The reverse process is happening in the heat engine 
is used in the refrigeration machine (Figure 2.21). 

The thermostat with temperature 2 deducted the 
amount of heat Q2 transferred to the thermostat and the 
temperature T1, the amount of heat Q1.  

Q = Q2 - Q1 < 0 so A < 0. 
Without doing the work can not take away the heat 
from a hot body, and at least give it a warmer. Based on 
the second law of thermodynamics, Carnot led theorem. 
 

Carnot's theorem: From time to 
time all heat engines operating with the 
same heater temperature (T1) and 
refrigerators (T2), the highest efficiency 
have a reversible machine. Efficiency 
reversible machine with 
equal T1 and T2 are equal and do not 
depend on the nature of the working fluid. 

Figure 2.21 

Figure 2.22 
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Working body - the body to make circular process to exchange energy to 
other bodies. 

Carnot cycle - the most economical reversible cycle consisting of 2 
isotherms and 2 adiabats (Figure 2.22). 

1-2-isothermal expansion at T1 heater, gas is supplied to the heat Q1 and 
work is done 

2

1
12 0pdVA .                                            (2.194) 

2 - 3 - adiabats expansion, the gas does work A2-3 > 0 on external bodies. 
3 - 4-isothermal compression at T2 refrigerator, heat is taken Q2 and 

work is done 
4

3
34 0pdVA .                                 (2.195) 

4-1-adiabatic compression work is done on the gas A4-1 < 0 external 
bodies. 

An isothermal process U = const, so Q1 = A12 

1
2

1
112 ln Q

V
VRTmA .                               (2.196) 

Adiabatic expansion Q2-3 = 0, and the work done A23 gas by the internal 
energy A23 = -U 

)( 1323 TTCmA V
.                                      (2.197) 

The amount of heat Q2, uploaded from gas to refrigerator at isothermal 
compression equal to the work of compression 3-4 

2
3

4
234 ln Q

V
VRTmA .                                (2.198) 

The work of the adiabatic compression 

231341 )( ATTCmA V
.                           (2.199) 

The work performed by a circular process 
2123223141342312 QQAQAQAAAAA ,               (2.200) 

and equal to the area of the curve 1-2-3-4-1. 
Thermal efficiency Carnot cycle 
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From the equation for adiabatic processes 2-3 and 3-4 we obtain 
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then 
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i.e efficiency Carnot cycle is determined only by the temperature heater 
and refrigerator. To increase the efficiency necessary to increase the 
difference 1 - 2. 
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Chapter 3 ELECTRICITY AND ELECTROMAGNETISM 

3.1 ELECTROSTATICS. ELECTRIC FIELD IN VACUUM 
3.1.1 Atomistic charge. The elementary charge. Law of conservation 

of electrical charge 
Under the charge to understand the physical properties of elementary 

particles contaminated exerts a force on a charged particle Despite the huge 
variety of substances in nature, there are only two types of electric charges: 
positive, which arise, for example, the glass in sliding his skin, and negative 
- in Ebony, worn on the fur (Figure 3.1). 

Like charges repel, unlike charges - attract. 

 
Figure 3.1 

 
Electric charge is discrete, i.e charge of any body is an integer multiple 

of the elementary electric charge: q = n  e, where n-positive integer, e - 
electron charge e = -1.6·10-19 C. Electron - an elementary carrier negative 
charge. Proton - nucleus of the hydrogen atom 1

1 H  - container carrier 
elements of positive charge (Figure 3.2). In the structure of the hydrogen 
atom consists of one electron and one proton. Hydrogen atom, as the atoms 
of other substances is neutral, that is, net plus charge of atom is equal to the 
net subzero charge Zp = Ze. Atomistic charge is that the elementary negative 
and positive  charges  are  part  of  an  atom in  an  isolated  atom and they  are  
always the same number. 

All bodies in nature can electrify i.e to get to (give) an electric charge. 
The electrification of bodies can be done 
in different ways, by contact (friction), 
electrostatic induction by placing the body 
in an external electric field, etc. 

Every process electrification reduced 
charge separation in which one of the 
bodies (or body parts), there is an excess 
of positive charges, and the another (or 
other body parts) - an excess of negative 
charges. The total number of charges of 
both signs contained in the bodies does 
not change, only the charges are 
redistributed between the bodies. Figure 3.2 
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Electrically closed terms the system which is not exchanging charges 
with exterior bodies. 

Charge conservation: 
Algebraic sum of the electrical charges of any closed system remains 

constant, no matter what the process would not occur within the system 

constq
N

i
i

1

,                                           (3.1) 

constqqqqqq NN
``

2
`
121 ...... ,                    (3.2) 

constqqqqqq NN
``

2
`
121 ...... .                    (3.3) 

By the ability to pass an electrical current (ie charge transfer), all 
substances are divided into conductors, semiconductors and insulators. 

Conductors body in which an electric charge can be moved over the 
entire volume of the conductor. Lead resistance is small, and the 
conductivity is high. 

The conductors are divided into two groups: 
I kind of conductors - metals - the charge carriers are electrons. Flow of 

electrical charge does not lead to chemical changes of matter. 
Conductors II kind - solutions of acids, salts and melts - the charge 

carriers - electrons and ions, they transfer charges leads to chemical changes 
(electrolysis). 

Dielectric (insulator) matter not conducting electrical current (glass, air, 
plastic, etc.). There are no free charges in the conductors, all charges related 
to the molecules of the dielectric. High resistance, conductivity is low. 

Semiconductors - under certain conditions (high temperatures and 
electric fields) are able to conduct electricity (germanium, silicon, gallium 
arsenide). 

A unit of electrical charge - coulomb - l electric charge passing through 
a cross-section at a current of 1 amp for the time of 1 s. 

Cq][ ,                                              (3.4) 
tIq ,                                              (3.5) 
]][[][ tIq ,                                             (3.6) 

 .11 sAC                                              (3.7) 
 
3.1.2 Coulomb's law. The electrostatic field. Intensity of 

electrostatic field 
Point charges are called charged bodies, the size of which can be 

neglected in comparison with the distance between them. 

2
0

21

4 r
qqF ,                                           (3.8) 
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Coulomb's law: Two fixed point charges interact with the force F is 
directly proportional to the magnitude of the charges and inversely 
proportional to the square of the distance between them. 

Coulomb force directed along the line joining the interacting charges, ie 
is central. F< 0 for opposite charges (charges attract); F>  0  for  the  same  
charges (charges repel). 
Coulomb's law in vector form: 

,
4 3

120

1221
12 r

rqqF                                            (3.9) 

where 
12F  - the force on the 1st of the charge of the 2nd, 

12r  - radius-vector 
between charges 1 and 2; 0 - electric constant; 0 = 8.85 10-12 F/m, F - farad 
- unit capacity;  - dielectric constant of the medium, shows how many 
times the force between two point charges in the medium is less than the 
force of interaction in a vacuum, if the distance between the charges is not 
changed 

medium

vacuum

F
F ,                                           (3.10) 

 - indicates weakening Coulomb force (and the electrostatic field) in the 
medium compared to vacuum 1][ . 

According to Newton's third law 

2112 FF .                           (3.11) 
Electric charges create an electric field around it. Field - a form of 

existence of matter. Field to explore, to describe its power, energy, and 
other properties. The field produced by stationary electric charges, called 
electrostatic. To investigate an electrostatic field use the test point positive 
charge - a charge that does not distort the investigated field (does not cause 
redistribution of the charges). If in the field produced by the charge q, put a 
test charge q1 on  it  will  be  a  force  F1, and the magnitude of this force 
depends on the charge placed in the given point of the field. If put into the 
same point charge q2, then the Coulomb force F2~q2, etc. 

However, the ratio of the Coulomb force to the magnitude of the test 
charge is constant for a given point in space 
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N ,                            (3.12) 

and characterizes the electric field at the point where the test charge. 
This value is called the intensity E  and is a power characteristic of the 

electrostatic field. The field intensity is a vector quantity which is 
numerically equal to the force acting on a unit positive point charge is 
placed at a given point of the field 



 101 

q
FE ,                                            (3.13) 
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The direction of the intensity vector coincides with the direction of the 
force. 

We define the field strength generated by a point charge q at a distance r 
from it in a vacuum  
(Figure 3.3) 
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 (3.16) 

 
 

3.1.3 The principle of superposition of fields. The lines of force 
vector E  

Determine the value and direction of the field E  produced by a system 
of fixed charges 

nqqq ,...,, 21
. Net force F , exerted by the field on the test 

charge q, is the vector sum of the forces 
iF , applied to it by each of the charges 

qi (Figure 3.4) 
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Dividing by q, we obtain 

.
1

n

i
iEE                (3.19) 

Principle of superposition (overlay) 
fields: 

Intensity E  of resulting field created 
by  a  system  of  charges,  equal  to  the  

geometric (vector) sum of the field intensities produced at this point each of 
the charges separately. 

Electrostatic field can be represented very clearly with lines of Intensity 
or power lines of vector E . 

Figure 3.3 

Figure 3.4 
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Field line intensity vector E  is a curve whose tangent at every point in 
space coincides with the direction of the vector E . 

The principle of construction of power lines E : 
1. The lines of force vector E  begin on positive charges and terminate 

at negative (ie directed from "+" to "-"). 
2. The lines of force vector E  approach the surface charges at right 

angles. 
3. For a quantitative description of the vector  field lines carried out 

with a certain density. The number of lines of intensity running through the 
unit area perpendicular to the lines of intensity must be equal to the 
modulus of a vector E . 

Homogeneous is a field that has a vector E  in  any  point  in  space  is  
constant in magnitude and direction, ie vector E  parallel to the field lines 
and their density is constant at all points (Figure`s 3.5-3.6). 

 
Inhomogeneous field  Homogeneous field 

Figure 3.5 
 

  
Figure 3.6 

 
Painting lines isolated point charges. 

 
3.1.4 Dipole. Dipole moment. Dipole field 
Electric dipole is a system of two point-of opposite charges (+ and -) at 

a distance l . 
Vector along the dipole axis (the line passing through the two charges) 

from the negative to the positive charge and is equal to the distance between 
them, called the ARM dipole l . Vector lqp e . 
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coinciding with the direction of the dipole arm and the product of the charge 
q on the arm l  is called an electric dipole moment 

ep  dipole moments 
(Figure 3.7). 

 
Figure 3.7 

 
By the principle of superposition the field intensity  of dipole at any 

point 
EEE e ,                                  (3.20) 

E - field generated by a positive charge, E  - the field of negative 
charge. Field intensity on the extension of the axis of the dipole. 

 
Figure 3.8 
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because rl
2

 (Figure 3.8). 

1. The field intensity at a perpendicular to the axis of the 
reconstructed from his middle 

EEE B
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Triangle A'B'C 'similar to the triangle ABC, as equilateral and three 
angles are equal, so 
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The picture of the dipole field lines (Figure 3.9): 

 
Figure 3.9 

 
3.1.5 Flux of intensity 
We define the flux of vector E  through any surface dS, n  - normal to 

the surface,  - the angle between the normal and the force line of vector 
E . You can enter a area vector ndSSd . Flux of vector E  is called a 
scalar  equal to the scalar product of the intensity vector E  on the area 

vector Sd . 
For a homogeneous field 

.cosESSEE
                               (3.24) 

For inhomogeneous field 
,cos EnE EdSdSEEdSndSESdEd          (3.25) 

where nE  - the projection E  on n , EdS  - the projection Sd  on the E . 

.][][][ 2 mVm
m
VSE                          (3.26) 

In the case of a curved surface S it must be broken down into elementary 
surface dS, to calculate the flow 

Ed  through  the  unit  area,  and  the  total  
flux is equal to the amount or limit of integrals of elementary streams 
(Figure 3.10) 

,dSESdEd
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                               (3.27) 

where 
S

- the integral over a closed surface S (eg, sphere, cylinder, 

cube, etc.) 
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Figure 3.10 

 

Flux E  of E  an algebraic value: not only depends on the 

configuration of the field E , but the destinations of your choice n . For 
closed surfaces, the positive direction of the normal is taken outside the 
normal, ie, normal outward field covered surface. 

22
0

11 cos180coscos ESESESE ,              (3.28) 

22 cosESE ,                                    (3.29) 
.021 EE                             (3.30) 

For a uniform field flow through a closed surface is equal to zero. In the 
case of inhomogeneous field 

.0E                                            (3.31) 
Gauss's theorem and its application to the calculation of the 

electrostatic field 
I. Consider the electrostatic field 

generated by a single positive charge. 
We  include  it  in  the  sphere  of  radius  

R. We define the flow of intensity E   
through a spherical surface of radius 
R. 

We divide the surface of the 
sphere S at the elementary area dS 
(Figure 3.11). The normal to the area 
dS is directed through the sphere of 
radius and coincides with the direction 

E : n  parallel E  so Figure 3.11 
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EEn                                                  (3.32) 

EdSSdEndSSd n10coscos; 0 .             (3.33) 

Then the flow of the vector E  through the surface S is equal to the sum 
of flows through an area element dS and vanish dS we can write 
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Considering that the field of a point charge is 
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This result can be generalized to any surface. Given the principle of 
superposition can apply our results to any number of charge inside the 
surface. 

Gauss' theorem: Flux of intensity E  through an arbitrary closed 
surface is equal to the algebraic sum of the charges enclosed by this surface, 
divided by 0 ( 0 -dielectric constant) 
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II. Application of the Gauss theorem. 
1. The field intensity created by an infinitely extended plane 

uniformly charged with surface charge density . 
Surface charge density indicates which charge per unit area 

S
q . 

Lines of intensity E  are perpendicular to the surface and sent from it on 
both  sides.  Construct  a  cylinder  with  a  base  S, whose elements of cylinde 
are parallel lines to intensity E . 

 Since elements of cylinde is parallel to the lines of E  
10coscos 0 , the flow through the base of S (Figure 3.12) is 
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Figure 3.12 

 
The flow through the lateral surface of the cylinder is equal to zero, 

because E  perpendicular 090coscos 0S , so 
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2. The field intensity created by two parallel infinitely extended plates 
with surface charge density +  and –  (Figure 3.13). We find the field E, 
using the principle superposition of the fields. In the region between the 
planes 

 
Figure 3.13 
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Left and right of the plane fields deducted as lines of intensity are 
directed toward each other 21 EEE . 
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3. The field intensity created by an infinitely extended thread with 
linear charge density  (Figure 3.14). Linear charge density indicates which 
charge per unit length of the conductor 

dl
dq

l
q .                                         (3.42) 

Required to determine the field intensity at a distance r from  the  
filament. For this we construct a cylinder of radius r and height h, the axis 
of which passes the thread. 

hl
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Figure 3.14 

 
The  flow  through  the  base  of  the  cylinder  is  considered  zero,  as  

perpendicular vector E  and bS , therefore, the flow will be determined only 
flow through the lateral surface of the cylinder 

rhSb 2 ,                                               (3.44) 
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2 0r

E                            (3.46) 

4. The field intensity generated by a 
spherical surface with a surface charge density 

. On a sphere of radius R is distributed charge 
q. The surface charge density 

.
4 2R

q
S
q                (3.47) 

Lines of intensity are directed radially, moving 
away from the surface of the sphere at right 
angles. The surrounding area of this sphere of 
radius r and determine the intensity E  the  flow  
through spherical surface of radius r. 

Figure 3.15 
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When r > R the entire charge q is  inside  the  sphere  r.  Then,  by  the  Gauss  
theorem 
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rEdSESdE
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, because EEn ,               (3.48) 
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qE                                        (3.51) 

When r < R, inside surface of radius r, 
and there are no charges so E = 0. Based on 
this screening - protection from external 
electric fields. 

5. The field intensity of a body 
charged sphere with a volume charge 
density  (Figure 3.16). The bulk density of 
the charge indicates which charge per unit 
volume 

V
q  ,                   (3.52) 
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4 3RVq                  (3.53) 

a) For r > R, under item 4 to determine the 
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b) For r < R 
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3
4`` 3rVq                (3.56) 

Figure 3.16 

Figure 3.17 
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3.1.6 Work of the electrostatic field intensity at moving charge. 

Potential nature of the field forces. Circulation of intensity 
Consider the electrostatic field produced by the charge q. Let it move a 

test charge q0. At any point of the field on the charge q0 a force 

reFF ,                                    (3.61) 

where F  - force module, re  - the unit vector of the radius vector r , which 

determines the position of the charge q0 relative to the charge q 
(Figure 3.18). 

 
Figure 3.18 

 
Since the force varies from point to point, the work force of the 

electrostatic field can be written as a variable work force: 

ldeFA r
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1
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,                                     (3.62) 
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;1;cos redldr  (3.63) 

drdllder cos1                          (3.64) 
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   (3.65) 

Because the regarded charge transport from point 1 to point 2 along an 
arbitrary trajectory, it can be concluded that the work on the movement of a 
point charge in an electric field does not depend on the shape of the path but 
is determined only the initial and final positions of the charge. This 
indicates that the electrostatic field is potential, and the strength of Coulomb 
- conservative force. Work on moving charge in a field along a closed path 
is always zero. 

EqF     (3.66) 

ldEqldFdA 0 ,   (3.67) 
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00
.  (3.68) 

lE  - projection, E  -  on the direction of the contour . We take into 
account that the work on a closed path is zero 

00 dlEq
l

l
,    (3.69) 

.0dlE
l

l
     (3.70) 

dlE
l

l  - circulation of intensity. Circulation of the electrostatic field, 

taken by an arbitrary closed path is always zero. 
 
3.1.7 Potential. The link between the intensity and potential. 

Potencial Gradient. Equipotential surfaces 
Since the electrostatic field is a potential job of moving the charge in 

such a field can be represented as a difference of the potential energy of a 
charge  in  the  start  and  end  points  of  the  path.  (The  work  is  equal  to  the  
reduction of the potential energy, or the change in the potential energy take 
with minus sign.) 
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.1
4 0

0 const
r

qqWpot
   (3.72) 

Constant determined from the condition that the removal of the 
charge q0 to infinity the potential energy must be equal to zero. 
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        (3.73) 

Various test charges q0i, placed at a given point of the field will have at 
this point various potential energies: 
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The ratio Wpot i to the value of the test charge q0i, placed at a given point 
of the field is constant for a given point of the field for all test charges. This 
ratio is called the potential. 

Potential - energy characteristic of the electric field. Potential 
numerically equal to the potential energy, which has at a given point of the 
field unit positive charge. 
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)( 2121 qWWWA pot ,    (3.76) 

)( 21qA .    (3.77) 
Potential is measured in volts 

V
C
J][ .    (3.78) 

Equipotential surface is a surface of equal potential (  = const). Work to 
move a charge along an equipotential surface is zero. 

Relationship between the intensity E  and the potential  can be found, 
based  on  the  fact  that  the  job  of  moving  a  charge  q at the elementary 
segment  can be written as 

dlEqdA l .   (3.79) 

On the other hand dl
dl
dqqdA )( 21  
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,      (3.80) 
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Figure 3.19 

 

,
dr
d

z
k

y
j

x
iEkEjEiE zyx dr

d  - gradient 

of potential. 
gradE .     (3.82) 

Field intensity is equal to the potential gradient, to the negative 
(Figure 3.20). 

 
Figure 3.20 

 
Potential gradient shows how change the capacity per unit length. 

Gradient perpendicular to the function and is directed towards the increase 
of the function. Therefore, the vector intensity perpendicular to the 
equipotential surface and is directed towards the decrease of the potential. 

Consider the field created by a system N point charges q1, q2, 
… qN. Distance from the charge to a given point of the field are r1,r2, 
… rN. The work done by this field on the charge q0, will be equal to the 
algebraic sum of the work force each charge separately. 
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The potential field generated by a system of charges is defined as the 
algebraic sum of the potentials produced at the same point each charge 
separately. 
 

difference potentials of the plane, the two planes, spheres, ball, 
cylinder 

Using the relation between  and E define the potential difference 
between two arbitrary points (Figure 3.21). 
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xdxEgrad

dr
dE .    (3.87) 

 
Figure 3.21 

 
1. The potential difference of the field of a uniformly charged infinite 

plane with surface charge density . 
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   (3.88) 
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Figure 3.22 

 
2.The potential difference of the field of two infinite parallel planes 

with an oppositely charged surface charge density  (Figure 3.22). 
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   (3.89) 

If 1 = 0; 2 = d, then d
0

21
 or EdU . 

3. The potential difference of the field of a uniformly charged 
spherical surface of radius R (Figure 3.23). 

 
Figure 3.23 
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If r1 = r, r2  , the potential outside the spheres 

.
4 0

21 r
q     (3.91) 

Inside a spherical surface potential everywhere and is equal 
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.
4 0R

q     (3.92) 

4. The potential difference of the field volume of a charged sphere of 
radius R and total charge q (Figure 3.24). 

 
Figure 3.24 
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5. The potential difference of the field of a uniformly charged 
cylinder (or infinitely long thread). r>R: 
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   (3.94) 

 
3.1.8 Conductors in electrostatic field. Of the charge distribution in 

the conductor. The connection between the field 
intensity at the surface of the conductor and the 
surface charge density 

Free charges in the conductor can move under 
the influence of an arbitrarily small force. 
Therefore, for the balance of the charges in the 
conductor must meet the following conditions: 

1. Field intensity inside the conductor must be 
zero 0E , since (Figure 3.25). 

                    ,constEdx                (3.95) 

2. i.e potential within the conductor must be constant. Field intensity 
on surface of the conductor must be perpendicular to the surface 

Figure 3.25 



 117 

.nEE     (3.96) 
Consequently, the surface charge of the conductor at equilibrium is an 

equipotential. 
At equilibrium, the charges in any place inside the conductor can not be 

excess charges - they are distributed 
over the surface of a conductor with a 
density . 

Consider a closed surface in the form 
of a cylinder whose generators are 
perpendicular to the surface of the 
conductor (Figure 3.26). On the surface 
of the conductor are free charges with 
surface density . 

Because inside a conductor there are 
no charges, the flow D  through the  

 
surface of the cylinder inside the conductor is zero. The flow through the 

top of the cylinder outside the a conductor on the Gauss theorem is equal 
,qSdD

S

     (3.97) 

.DDSSq     (3.98) 
I.e electric displacement vector equal to the surface density of free charges 
of a conductor or 

.
0

E     (3.99) 

II. In making an uncharged conductor to an external electrostatic field 
his  free  charges  will  move:  positive  -  on  the  field,  negative  -  against  the  
field (Figure 3.27). Then on one side of 
the conductor will accumulate positive 
and the other negative charges. These 
charges are said to be induced. The 
redistribution of the charges will be as 
long as the intensity in the conductor 
becomes zero, and the line intensity 
outside of the conductor will be the 
perpendicular to the surface. Induced 
charges appear on the conductor due to 
the displacement, ie are surface density 
charges and shifted as ,D  is therefore 
D  called the electric displacement vector. 

Figure 3.26 

Figure 3.27 
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3.1.9 Capacitance conductors. Capacitors 
I. Secluded called conductors, far from other conductors bodies charges. 

The potential of such a conductor is directly proportional to the charge on it 

.
4 0

qk
r

q     (3.100) 

From experience, it follows that different conductors, being equally 
charged 21 qq  takes various potentials 21  due to the different shapes, 
sizes, and surrounding environment conductor ( ). Therefore, for an isolated 
conductor have the formula 

,Cq        (3.101) 

where qC  - capacity of secluded conductor. Capacity of the 

secluded conductor is equal to a charge q , give the conductor that changes 
its potential by 1 volt. 

In the SI system capacity is measured in farads .][ FC  
Capacity of the ball 

.4 0 RqC             (3.102) 

II. Capacity solitary conductors is very small. For practical purposes it is 
necessary to create such a device, which allows to store large charges at 
small sizes and capacities. Capacitor- device for charge storage and 
electrical power. 

The simplest capacitor consists of two conductors separated by a gap of 
air or dielectric (air - is also a dielectric). The conductors are called the 
plates of the capacitor, and their location in relation to each other are 
selected such that the electric field is concentrated in the gap between them. 
Under the capacity of the capacitor understood the physical value of C equal 
to the ratio of the charge q, accumulated on the plates, to the difference of 
potentials 21  between the plates. 

.
21

qC            (3.103) 

Calculate the capacity of parallel-plate capacitor with plates of area S, 
the surface charge density , the dielectric constant  of the dielectric 
between the plates, the distance between the plates is d (Figure 3.28). The 
field intensity is 

.
0

E           (3.104) 
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Figure 3.28 

 
Using the relation  and E , we find 
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SC     (3.107) 

d
SC 0  - capacity of plate capacitor. For a cylindrical capacitor: 
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For a spherical capacitor: 
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RRC     (3.109) 

Because for some values of the voltage in the dielectric breakdown 
occurs (electrical discharge through the dielectric layer), then there is a 
breakdown voltage capacitors. Breakdown voltage depends on the shape of 
facings, dielectric properties and its thickness. 

III. Capacitance in parallel and series connection of capacitors parallel 
(Figure 3.29) 

.321 UUUU         (3.110) 



 120 

 
Figure 3.29 

 
According to the law of conservation of charge .321 qqqq  

,UCq  ,11 CUq  ,22 CUq  ,33 CUq    (3.111) 

,321 UCUCUCCU    (3.112) 

,321 CCCC          (3.113) 
N

i
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.    (3.114) 

c) serial connection (Figure 3.30). 
.321 UUUU     (3.115) 

 
Figure 3.30 
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3.1.10 The energy of the electrostatic field 
1. Energy of the system of fixed point charges 
The electrostatic field is potential. The forces acting between charges - 

conservative forces. System of fixed point charges should have potential 
energy (Figure 3.31). We find the 
potential energy of two fixed point 
charges q1 and q2,  separated  by  a  
distance r from each other. 

The potential energy of the 
charge q2 in the field created charge 
q1, equal to 

.
4 0

1
2122 r

qqqW     (3.120) 

Similarly, the potential energy of the charge q1 in the field created by a 
charge q2, equal to 

.
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1211 r

qqqW           (3.121) 

It is seen that W1 = W2, then identify potential energy of the system of 
charges q1 and q2 in W, we can write 

,
2
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1

N

i
iiqW            (3.122) 

where i - potential generated at the point where the charge qi, all 
charges except the i-th. 

2. The energy of secluded charged conductor 
The energy of the electric field of a charged secluded conductor can be 

determined by considering  the  total  work  done  on  the  movement  of  small  
amounts of charge dq from infinity to this conductor. 

If the conductor has a charge q, capacitance C and potential , is to 
transfer the charge dq from infinity to conductor the work must be expended 

dCdqdA .         (3.123) 
To charge conductor from ground potential to a potential  must do the 

work 

2

2

0

CdCdAA .              (3.124) 

The potential energy equal to the work that needs to be performed in 
order to charge the conductor 

C
qqCdCdAAW pot 222
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Figure 3.31 
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3. The energy of a charged capacitor 
We express the energy of the capacitor through the values characterizing 

the capacitor 

d
S

C 0 ,           (3.126) 

dEU ,                      (3.127) 
dSV ,           (3.128) 
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because field is uniform inside the capacitor, you can enter the volume 
energy density (bulk density - the energy per unit volume) 

V
W ,           (3.130) 
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3.2 LAWS of DIRECT CURRENT 
3.2.1 The electric current. The power and current density. EMF 

and voltage 
I. Any ordered (directed) movement of electrical charges called electric 

current. When an external electric field E in  the  conductor  starts  moving 
charges, i.e generates an electric current. With positive charges move across 
the field, and negative - against the field. Take over the direction of current 
direction of movement of the positive charges. For the origin and the 
existence of an electric current requires two conditions: 

1) the presence of free charge carriers (ie the substance must be 
conductors or semiconductors at high temperatures), 

2) The presence of an external electric field. 
For a quantitative description of the electric current is introduced - 

current intensity - scalar physical quantity equal amount of electrical charge 
transferable per unit time through a cross-section S. 

t
qI                                              (3.132) 

- for direct current, and 

dt
dqI                   (3.133) 

- for alternating-current. 
Current, which intensity and direction do not change with time, is called 

permanent. 
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The current density j  - vector physical quantity that is numerically 
equal to the force of current flowing through a unit area perpendicular to the 
current. 

n
S
Ij                                            (3.134) 

- for direct current, and 

n
dS
dIj                                           (3.135) 

- for alternating-current. 
II. To a portion of the conductor 

under consideration is a current I, is 
necessary to maintain a constant 
potential difference between these 
points of the conductor. 

III. In order to maintain a constant 
potential difference across the ends of 
the conductor must be connected to a 
power source.  

The current source does work on moving electrical charges along the 
chain. This work is done by external forces - forces no electrostatic origin, 
acting on charges of side of the power supply. The nature of external forces 
may be different (except fixed charges): 

1) chemical reaction - in galvanic cells (batteries), rechargeable 
batteries, 

2) Electromagnetic - in generators. The generator can use a) mechanical 
energy - hydro, b) nuclear - nuclear reactor) heat - TPS, z) of the tides - 
PES, D) Wind - Wind Farm, etc. 

3) use of the photoelectric effect - photovoltage in calculators and solar 
power; 

4) piezoelectric – pezo EDS, such as piezolighter, 
5) contact potential - thermopower in thermocouples etc. 

The field of external forces, 
electric charges move inside the 
power supply against the forces of 
electrostatic field, whereby the 
terminal current source and is 
supported by the potential 
difference in the circuit current is 
flowing.  

 

Figure 3.32 

Figure 3.33 
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The current source is characterized by an electromotive force – EMF 

q
A ,    (3.136) 

V
C
J][ .   (3.137) 

EMF determined by the work performed by external forces to move a unit 
of positive charge along the closed circuit. 

Sided force is equal to: 

SS EqF ,    (3.138) 

where SE - the field of external forces. The work of external forces on 
the movement of the charge q on a closed portion of the chain is: 

ldEqldEqldFA
l

S
l

S
l

S , ,    (3.139) 

i.e EMF equal to the circulation of the intensity vector of external forces. At 
site 1 - 2 (see picture) except of external forces force acting the electrostatic 
field 

EqFv ,     (3.140) 
i.e the resultant force on the section 1 - 2 equals 

vSvS EEqFFF ,   (3.141) 
then 
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12 qEqldEqldEqA vst

, (3.142) 

For a closed circuit 
qAA dElectrfiel 120 .   (3.143) 

Voltage U on the site 1 -2 called physical quantity determined by the 
work done by the total field of electrostatic (Coulomb) and external forces 
when moving a unit positive charge on this part of the chain 

.21
12

12 q
AU    (3.144) 

2112U  at .0     (3.145) 
 

3.2.2 Ohm's Law 
1.  Ohm's  law  for  a  homogeneous  region  of  the  chain.  Called  

homogeneous area free of EMF. 
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The current in the homogeneous chain site is directly proportional to the 
voltage and inversely proportional to the resistance of chain (Figure 3.34). 

.
R
UI   (3.146) 

).(][ OhmR  
1 Ohm - the resistance of the 

conductor, which at a voltage of 1 V 
1 A current flows. 

R
G 1 ,   (3.147) 

G - electrical conductivity. SG][  
(Siemens). 

The resistance R of the conductor 
depends on its size and shape, as well as 
the conductor material (Figure 3.35). 

S
lR ,    (3.148) 

where  - resistivity of the conductor 
- the resistance per unit length of the 
conductor. 

m][ ,     (3.149) 
 - the length of wire, S - cross-sectional area of the conductor. 

2. Ohm's law for the inhomogeneous region of the chain 
Inhomogeneous called chain section containing EMF. 

,21
12

12 q
AU    (3.149,a) 

RR
UI 2112 .    (3.150) 

Ohm's Law for the inhomogeneous region of the chain in the integrated form. 
3. Ohm's law for a closed circuit 

(full circuit) (Figure 3.36). 

```
2112

RRR
UI ,     (3.151) 

where rRR` , where R -  the  
resistance of the external circuit, r - 
the source EMF impedance, then 

rR
I  -  Ohm's  law  for  the  

complete chain. 

Figure 3.34 

Figure 3.35 

Figure 3.36 
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4. Ohm's law in differential form 

R
UI ,   (3.152) 

 

S
lR ,                  (3.153) 

l
SUI ,             (3.154) 

S
Ij ,            (3.155) 

1
,              (3.156) 

d
UE ,                                       (3.157) 

 - electrical conductivity; 
m
S][ . 

Ej  - Ohm's law in differential form. 

The current density j  is directly proportional to the electric field E . 
The coefficient of proportionality  - electrical conductivity. 
 

3.2.3 Dependence of the resistance the conductor temperature. 
Superconductors 

With increasing temperature, the resistance of the conductor increases 
linearly (Figure 3.37). 

tRR 10 ,                                (3.158) 

where 0R  -  resistance  at  t  =  
0 C; R-resistance at temperature 
t,  -coefficient of thermal 
resistance, shows how changing 
resistance of a conductor 
temperature changes by 1 
degree. For pure metals at not 
too low temperatures 

1

273
1 K , i.e, we can write 

TRR 0 . 

Figure 3.37 
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At a certain temperature (0,14-20 K), called the "critical" conductor 
resistance sharply reduced to 0 and the metal becomes superconducting. For 
the first time in 1911, it discovered Kamerlingh Onnes for mercury. 

In 1987 the designed ceramics, passing into the superconducting state at 
temperatures above 100 K, the so-called high-temperature superconductors 
- HTS. 

 
3.2.4 The elementary classical theory of electrical conductivity of metals 
Carriers in metals are free electrons, ie weakly bound electrons with ions 

of the crystal lattice of the metal. The presence of free electrons explained 
by that the formation of the crystal lattice of the 
metal during the approach of isolated atoms, 
valence electrons are weakly coupled with atomic 
nuclei, break away from the metal atom to become 
"free" socialized belonging not to an individual 
atom and the whole matter, and can move on 
throughout. In the classical electron theory, these 
electrons are treated as an electron gas with the 
properties of a monatomic ideal gas (Figure 3.38). 

Conduction electrons in absence of an electric field inside the metal 
randomly move and collide with the ions of the crystal lattice of the metal. 
Thermal motion of the electrons, being chaotic, can not give rise to current. 
Average thermal velocity of the electrons 

s
m

m
kTu 5101,18  at  = 300 . 

The electric current in the metal arises under influence of an external 
electric field, which causes the orderly movement 
of electrons. Express the current intensity and the 
current density of the velocity v of the ordered 
motion of electrons in a conductor. 
 

 
During the time dt through the cross section S of the conductor will be N 

electrons (Figure 3.39). 
 

dtSndlSndVnN . ,   (3.159) 

Sen
dt
dqIdtSeneNdq ,   (3.160) 

enj ,        (3.161) 
 

Figure 3.38 

Figure 3.39 
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The refore, even at very high current densities, the average velocity of 

the ordered motion of electrons , causes the electric current is much 

smaller than the speed of thermal motion u . 

The electric current in the circuit is set in a time 
c
Lt , where the L - 

chain length,  = 3·108 m/s - the speed of light in vacuum. The electric 
current in the circuit disappear almost simultaneously with its closure. 

The mean free path of the electrons of the order of  must be equal to 
the period of the crystal lattice of the met  =10-10 . 

With increasing temperature, increasing the amplitude of oscillation of 
the crystal lattice of ions and electron bowl facing fluctuating ions, so it 
decreases the mean free path, and the resistance of the metal increases. 

Shortcomings of the classical theory of electrical conductivity of metals: 

2

2
ne

um ,    (3.162) 

because Tu ~ , n and TTf ~)( , i.e from the classical 
theory of electrical conductivity, the specific resistance is proportional to 
the square root of the temperature, and from experience that it is linearly 
dependent on the temperature, T~ . 

Gives an incorrect value of the molar heat capacity of metals. According 
to  the  law of  Dulong and Petit   =  3R,and the classical theory of  = 9/ 
2R=C  ionic lattice = 3R + C  monatomic electron gas = 3/2R. 

The mean free path of electrons from (3.162) by substituting the 

experimental value  and the theoretical value of u  gives 10-8, which is two 
orders of magnitude larger than the mean free path assumed in the theory 
(10-10). 

 
3.2.5 Work and power supply. Joule-Lenz’s law 
Because charge is transferred to the conductor under the influence of the 

electrostatic field, his work is 

dt
R

URdtIUIdtUdqdqdA
2

2
21 .  (3.163) 

Power - the work done per unit of time 
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R
URIIU

dt
dA

t
AP

2
2 .   (3.164) 

[P] = W (watts). 
If the current is a stationary conductor, the entire current work goes into 

heating the metal conductor, and the law of conservation of energy 

dt
R

URdtIUIdtdQ
2

2   (3.165) 

- Joule-Lenz`s law. 
Specific power current is the amount of heat per unit volume emitted a 

conductor per unit time. 

S
lR ,        (3.166) 

jdSI ,    (3.167) 

VdtjdtdSdljdt
dS
dldSjdQ 2222 ,        (3.168) 

jEEj
dVdt
dq 22      (3.169) 

- Joule--Lenz’s law in differential form. 
 

3.2.6 Kirchhoff's rules for the branched chain 
Any point of the branched chain, which converges at least three 

conductors a current, is called a node. In this talk, part of the node is 
positive, and going out – no. 

The first rule of Kirchhoff: algebraic sum of the 
currents that converge at a node is equal to zero 
(Figure 3.40). 

0
i

iI  0321 III .   (3.170) 

Kirchhoff's first rule follows from the law of 
conservation of charge (the charge, who entered to the 

node is the withdrawing charge). 
The second rule of Kirchhoff: in any closed loop randomly chosen in a 

branched circuit, the algebraic sum of the products of forces of current iI  to 

resistance iR  - relevant sections of this circuit is equal to the algebraic sum 
of the EMF occurring in the circuit. 

k
k

i
ii RI             (3.171) 

Figure 3.40 
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In the calculation of complex direct current circuits using Kirchhoff's 
rules should: 

1. Choose an arbitrary direction of the currents at all stages of the chain, 
the actual direction of the currents is determined to solve the problem, if 
desired current is turned positive, the direction is right, if negative, the 
opposite of its true direction chosen. 

2. Choose the direction of the circuit. Product IR  is positive when the 
current at the site coincides with the direction of passage, and vice versa. 
EMF positive if they produce a current directed towards the contour - 
against negative. 

3. Recorded the first rule to N -1 node. 
4.  Write  the  second  Kirchhoff's  rules  for  closed  loops  that  can  be  

allocated in the chain. Each considered circuit must contain at least one 
element that is not contained in the previous circuits. 

The number of independent equations, but in accordance with the first 
and second rule of Kirchhoff, is equal to the number of different currents in 
the branched chain. Therefore, given the EMF and resistance to all areas of 
unbranched, it can be calculated all the currents 
 

3.3 ELECTROMAGNETISM 
3.3.1 The magnetic field in the vacuum. A magnetic field and its 

characteristics 
Permanent magnets have been known 2000 years ago, but only in 1820, 

H. Oersted (Danish physicist) found that around a conductor with a current 
creates a magnetic field, which affects the magnetic needle. Later, it was 
found that the magnetic field is produced by moving bodies, or any charges. 
The magnetic field, like the electric, is a type of matter. The magnetic field 
has energy. By means of the magnetic field the interaction between electric 
currents moving charges. 

Experience has shown that the effects of the magnetic field on the 
current varies depending on the shape of the conductor, in which the current 
flows, the location of the conductor and the direction of the current. 
Therefore, in order to characterize the magnetic field, it is necessary to 
consider the effect on a certain current. 

For the study of the electric field using a test point charge. Similarly, for 
the study of the magnetic field using a current loop, whose dimensions are 
small compared with the distance to the currents that form a magnetic field. 
The orientation of the contour (with a current loop) in space is characterized 
by the normal to the contour. 

The positive direction of the normal is determined by the right-hand 
rule: the four fingers of his right hand in the direction of the current position 
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in the loop, deflected at right angles to the thumb indicates the direction of 
the normal. The magnetic field exerts on the loop with current orienting 
effect. The current loop is installed in a magnetic field so that it coincides 
with the normal direction of the magnetic field lines. 

Magnetic moment mp  of current loop is a vector equal to the product 

of the current flowing through the loop on the vector square nSS . 

Direction mp  coincides with the direction n . Direction mp  
determined by the right-hand rule 
(Figure 3.41). 

Because current loop experiences 
orienting  action  of  the  field,  then  it  in  a  
magnetic field exerts a force couple. Rotating 
moment forces depends on the properties of 
the field at a given point and the properties of 
current loop  

BM rot ~ ,    (3.171) 

mrot pM ~ ,    (3.172) 

BpM mrot ,   (3.173) 

BpBpM mmrot sin ,          (3.174) 

BpM mrot max ,      (3.175) 

B  - magnetic induction vector is a quantitative measure of force of the 
magnetic field. The unit of measurement of magnetic induction – Tesla. 

)(][ TeslaTB . 
If at a given point of the magnetic field to make a variety of current loop 

with the magnetic moments of p1, p2, ... pn, then the torque will be different 
for each current loop M1, M2, ...Mn, but the ratio 

B
p

M

m

rot max ,     (3.176) 

for all current loops is the same and can serve to characterize the 
magnetic field. 

Magnetic induction B  at a given point of a uniform magnetic field is 
numerically equal to the maximum torque maxrotM , acting on the current 
loop with the magnetic moment of one, when the normal to the to the 

Figure 3.41 
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current loop is perpendicular to direction of the field ( B also determined by 
the Lorentz force or Ampere force). 

The direction of vector B  coincides with the direction of mp  in the case 
when the current loop is in equilibrium and 0rotM . 

A magnetic field conveniently represented with lines of force of vector 

B . Force line of vector B  called a line whose tangent at any point 

coincides with the direction of B  at this point. The direction of lines of 

force of vector B  determined by the right-hand rule. For linear conductor: 
thumb in the direction of the current, bent four fingers indicate the direction 
of  the  field  line.  For  a  circular  coil  with  a  current:  four  fingers  -  on  the  
current direction, the thumb indicates the direction of the field line in the 
center of the coil. 

Lines of magnetic induction B , unlike force lines of vector E , of the 
electric field is always closed and covered conductor. (The lines of force of 

vector E  begin on positive charges and end on negative, approach 
perpendicular to the surface charge density of the lines of force 
characterizes the field.) 

In some cases, along with the vector B  applied vector of intensity of 

magnetic field E ,which is associated with the vector B  by ratio 

0

BH ,            (3.177) 

HB 0 ,             (3.178) 

where µ0 - magnetic constant; 
m
N7

0 104 , µ - magnetic 

permeability of the medium - shows how many times the magnetic field in 
the medium more (or less) of the magnetic field in the vacuum. 

0B
B ,   (3.179) 

where B - the magnetic field in the material, B0 - external magnetizing field. 
From a comparison of the characteristics of the electric field vector 

(vector E  and a vector D ) and magnetic field (vector B  and H ) it follows 
that intensity vector E  of electric field is similar to the magnetic induction 
B . Both determine the effect of the force fields and depend on the 
properties of the medium in which the fields are created. 
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Analogue of the electric displacement D  is  the  vector  of  intensity  of  
magnetic field H . Vector H  which describes the magnetic field 
macrocurrents macrocurrents - currents flowing through a conductor), so do 
not depend on the properties of the medium 

)(][ 2 TeslaT
mA

N
mA
mN

p
MB

m

rot , (3.180) 

m
AHI

l
NH ][ .     (3.181) 

 
3.3.2 Biot-Savart-Laplace’s Law 
Bio and P. Savard in experimental studies of the magnetic fields 

produced by a current-carrying 
conductor, allowed theorist Pierre 
Simon de Laplace in 1820 to 
formulate the law of Biot-Savart-
Laplace. This law determines the 

value B  of at any point relative 
conductor.Magnetic induction Bd  
field, created by the conductor 
element ld , in which the current I 

flows, at some point A, whose position relative to the ld  determined by the 

radius vector r , determined by the Biot-Savart-Laplace law (Figure 3.42) 

3
0 ][

4 r
rldIBd  - the Biot-Savart-Laplace law (in vector form). 

Because in the Biot-Savart-Laplace law there is a vector product 
][ rld , then vector Bd  must be perpendicular to the plane of the vectors 

ld  and r . The direction of vector Bd  determined on the right-hand rule. 
Modulus (magnitude) of the vector Bd  is equal to 

2
0 sin

4 r
rdlIBd  - the Biot-Savart-Laplace law (in scalar form) 

223
sinsin||||][

r
rdl

rr
rld

r
rld ,   (3.182) 

where  –the angle between the ld  and rd . 
The principle of superposition of fields: 

Figure 3.42 
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Magnetic induction of the resulting 
field, multi-currents (or moving 
charges), equal to the geometric (vector) 
sum of the magnetic induction generated 
by each current separately (Figure 3.43). 

N

i
iBB

1

.   (3.183) 

Application of the Biot-Savart-
Laplace’s law to the calculation of 
magnetic fields. 

a) A magnetic field of the direct 
current 

2
0 sin

4 r
dlIdB ,    (3.184) 

sin
0rr , drdr , 

2
0

sinsinsin
drdrdrdl , (3.185) 

d
r

I
r

dIrdB
0

0
2

0

2

2
00 sin

4
sinsin

sin4
.   (3.186) 

Since the induction created by different 
elementary sections, which we have broken 
conductor at this point have the same 
direction, we can sum the geometric vectors 

Bd  replace the scalar summation 
2

1 0

0

101

sin
4

lim d
r

IdBdBB
N

i
idl

N

i
i

 

2

1

sin
4 0

0 d
r
I

21
0

0 coscos
4 r

I , (3.187) 

21
0

0 coscos
4 r

IB  - magnetic induction 

linear conductor of finite length. 

21
0

coscos
4
1

r
IH  - intensity of the 

magnetic field of a conductor of finite length. 
In the case of an infinitely long conductor   

21 ;0  (Figure 3.45). 

Figure 3.43 

Figure 3.45 

Figure 3.44 
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0

0

4 r
IB , 

02
1

r
IH .                   (3.188) 

b) The magnetic field at the center of a circular current-carrying 
conductor (Figure 3.22). 

2
0 sin

4 R
IdldB ,           (3.189) 

.1sin;900  

2
0

4 R
dlIdB  

R
I

R
RI

R
dlIB

R

2
2

44
0

2
0

2

2

0

0 , (3.190) 

.
2R
IH   (3.191) 

 
3.3.3 The Law of the total current. Vortex nature of the magnetic field 
Circulation of vector B  (or H )  in  a  closed  loop is  the  integral  over  a  

closed contour L scalar product of vectors B  (or H ) and ld ,where ld  - 
vectors of the unit length of the contour. 

B
LL

L
L

dlBdlBldB ,   (3.192) 

H
LL

L
L

dlHdlHldH ,                   (3.193) 

where LB  – projection of vector B  on vector 

ld . 
Hld , ,  (3.194) 

HL HdldlHHdlldH cos ,  (3.195) 

IdI

Rd
R

IHRddlHdlH H
LL

L

2

0

2

0

2

0

2

2
, 

(3.196)
 

Law of the total current: 
Circulation of vector H  an arbitrary closed 
loop  is  the  sum  of  current  covered  by  the  
circuit 

Figure 3.46 

Figure 3.47 
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N

k
K

L

IldH
1

,                       (3.197) 

N

k
K

L

IldB
1

0
,                       (3.198) 

Positive are those currents, the direction of which to the direction of 
passage of obeys the right hand rule. Currents, whose direction is opposite 
to bypass, taken with the minus sign (Figure 3.47). 

4321 IIIIldH
L

.                   (3.199) 

In contrast to the electric field, for which the circulation of the vector E  
equal zero 0ldE

L

 and the electrostatic field is potential, the circulation 

of the magnetic field is not zero N

k
K

L

IldB
1

0
,  if  a  path on which we 

consider the circulation covers currents. Field, the circulation of which is 
non-zero, is called a vortex or solenoidal. Consequently, the magnetic field 
is a vortex. In vortex field force lines are closed, therefore, there is no 
magnetic charges. 

 
3.3.4 A magnetic field of the solenoid and toroid 

Solenoid is cylindrical shell, 
which are wound windings of wire. 
Consider an infinitely long solenoid, 
ie solenoid which  >> d,  where   -
 length, d –diameter of the coil. 
Inside such a solenoid magnetic field 
is uniform. Uniform is a field, the 
field lines are parallel and their 
density is constant (Figure 3.48). 
Apply the law of the total current to 

calculate the magnetic field of the solenoid. Represent the contour L, which 
is considered by the circulation of the vector H , consisting of four related 
areas 1-2; 2-3, 3-4, 4-1. Then the circulation of the vector H  the chosen us 
contour L is equal to 

2

0

1

4

4

3

3

2

2

1

HRddlHdlHdlHdlHdlH LLLL
L

L
,  (3.200) 

2

1

HldlH L ,         (3.201) 

 

Figure 3.48 
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3

2

0dlH L , because ldH  and therefore, 032LH ,  (3.202) 

4

3

0dlH L
,    (3.203) 

because we have chosen the area 3 - 4 far enough from 
solenoid and one can assume that the field far from the 
solenoid is zero, 
1

4

0dlH L
, because ldH  and therefore, 

014LH . 

Circuit L includes N currents, where N - number of 
turns the solenoid, then the law of the total current 
(Figure 3.49) 

NIHl ,                       (3.204) 

nII
l
NH  - The magnetic field of an infinitely long solenoid n - 

winding density - the number of turns per unit length 

l
Nn .     (3.205) 

The field intensity inside the solenoid is 
equal to the number of turns per unit length of 
the solenoid, multiplied by the current. 

Toroid - torus, with coils wound on a 
wire. Unlike a solenoid, which has a magnetic 
field, both inside and outside, fully toroidal 
magnetic field is concentrated inside the coils, 
i.e there is no dissipation of magnetic field 
energy (Figure 3.50). 

r
RnI

r
RnI

r
NIHNIrHldH

L 2
2

2
2 ,   (3.206) 

where RnN 2 . 

r
RnIH  - magnetic field of toroid. If R >>Rturn, then R r and 

nIN . 
 

Figure 3.50 

Figure 3.49 
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3.3.5 Ampere force 
Ampere studied the effect of magnetic field on the current-carrying 

conductors and found that the force Fd , with which the magnetic field 

acts on the element wire ld  with current I, in a magnetic field B , directly 

proportional to the current I and the vector product ld  on the magnetic 

induction B . 
][ BldIFd     (3.207) 

– the Ampere force (or Ampere's law).  
The direction of the Ampere force is situated by the rule of the vector 

product - on left-hand rule: four elongated fingers of his left hand placed on 
the direction of the current, vector B  included in the palm, deflected at 
right angles to the thumb will show the direction of force acting on a 
current-carrying conductor. (You can also determine the direction of AF  
with his right hand: turn the four fingers of the right hand of the first factor 

ld  to second B , thumb indicates the direction of 
AF ). 

Module of Ampere force 
sinBdlIdF ,    (3.208) 

where  - the angle between the vectors ld  and B , Bld , . 
If the field is uniform, and the current-carrying conductor of finite size, the 

][ BlIF ,      (3.209) 
sinIlBF .      (3.210) 

At B  perpendicular l   
IlBF .         (3.211) 

 
3.3.6 Definition of the unit of measurement of the current 
Any current-carrying conductor generates a magnetic field around itself. 

If you put it in the field of the other current-carrying conductor, the 
conductor between the forces of interaction. In this case, co-directional 
parallel currents attract each the opposite direction - are repelled. 

Consider two infinitely long parallel conductors with currents I1 and I2, 
in a vacuum at a distance d (for vacuum  = 1) (Figure 3.51). According to 
Ampere's law 

1221 lBIF ,          (3.212) 
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                         a)                                                                 b) 

Figure 3.51 
 
A magnetic field of direct current is 

,
2

10
1 d

IB    (3.213) 

Then 

,
2

210
21 d

lIIF    (3.214) 

the force per unit length of the conductor 

d
II

l
F 210

2
.    (3.215) 

The force per unit length of the conductor between two infinitely long 
conductor with a current directly proportional to the current in each 
conductor and inversely proportional to the distance between them. 

Definition of the unit of measurement of the current - Ampere: 
Per unit of current in the SI in place a DC current which is flowing in two 
infinitely long parallel conductors infinitesimal cross section, located in 
vacuum at a distance of 1 m from each other, is the force exerted per unit 
length of the conductor is equal to 2·10-7 N. 
µ = 1; I1 = I2 = 1 A; d = 1 m; µ0 = 4 ·10-7 H/m –magnetic constant. 

m
N

l
F 70 102

1
11

2
1 .   (3.216) 

 
3.3.7 The Lorentz force 
Under the Ampere’s law, force acting on the current element lId , 

determined by the formula 
IdlBdF .     (3.217) 

Consider that the elementary current is none other than the directional 
movement of electric charges 

jVjSdlIdljSI , ,    (3.218) 

enj .     (3.219) 
where V –volume, n - the carrier density, j - current density, S - cross-

sectional area of the conductor, e - electron charge (e = 1,6·10-19 C), dl -the 
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element length of the conductor,  - 
velocity of the electron motion. 

edNIdl ,          (3.220) 
ndVdN ,     (3.221) 

][ BedNFd .         (3.222) 
Ampere force acting on the 

elementary current lId  can  be  seen  as  
the resultant force of the all forces 
exerted by the magnetic field on each charge separately (Figure 3.52). Then, 
the force acting on a moving charge in a magnetic field, we find by dividing 
the number of Ampere charge in this volume element of the conductor 

][ Be
dN
FdF A

L ,   (3.223) 

This force is called the Lorentz force: 
][ BqFL ,   (3.224) 

sinBqFL  - module of the Lorentz force. 

 
Figure 3.53 

 
The direction of the Lorentz force is determined by the left-hand rule: 

four fingers of his left hand - the speed, the vector B  enters in the palm, 
deflected at right angles to the direction of the thumb shows the Lorentz 
force to the positive charge. For a negative charge - four fingers against the 
speed, then the same as for the positive charge (Figure 3.53). 
 

3.3.8 Dia-and paramagnetic 
Diamagnetic are those substances which have a magnetic moment of the 

atom in the absence of an external magnetic field is zero. 

0atonmp  at 00B ,   (3.224,a) 

Figure 3.52 
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When an external magnetic field is placed a substance, all the atoms of 
the material are in a magnetic field that changes the motion of electrons in 
the atom, so that an additional current, similar to the induction current. If 

the vector mp  and B  form an angle , then in a magnetic field B  electron 

orbit will rotate around the direction B  with some angular velocity  

(
m

eB
2

 - Larmor precession frequency) 

(Figure 3.54). Such movement mechanics 
called precession. 

The precession of the electron orbit is 
equivalent to an additional electron motion 
around the magnetic field in addition to 
rotation around its axis of rotation and orbit. 
This extra electron motion in the magnetic 
field leads to a vicious induced current, 
which has a magnetic moment, which is 
always directed against the field. Thus, the 
cause of the additional magnetic moments - 

the precession of the orbit of the electron. 
Since diamagnetics magnetized opposite to the magnetic field, their 

magnetization is negative. 
For diamagnetic include metals Bi, Ag, Au, Cu; water, glass, inert gases, 

etc. 
Diamagnetism is common to all substances, but a number of substances 

diamagnetic effect is blocked as stronger effects. 
Paramagnetic called substances in which the atoms in the absence of an 

external magnetic field have some permanent magnetic moment 

0atonmp  at 00B .  (3.225) 

However, due to thermal motion of the magnetic moments are oriented 
randomly, so 0

1i
mip . 

When a magnetic field, forces that guide the magnetic moments of each 
atom. The magnetic moments of trying to line up on the field. Thus, the 
paramagnetic magnetized, creating its own magnetic field collinear with the 
external field and reinforcing it. 

The process of the magnetic moments of the atoms in a magnetic field is 
called the paramagnetic effect. 

Figure 3.54 
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Arrayed in paramagnetic forces are relatively small compared with the 
forces of thermal motion, to break down the ordering. Therefore, with 
decreasing temperature paramagnetic susceptibility usually increases. 

Paramagnetic to include rare earth metals Pt, Al, Mg, Cr, O2 etc. 
 
3.3.9 A magnetic field in the materials. Magnetic susceptibility and 

permeability 
The current flowing through a conductor is called macrocurrent. The 

magnetic field generated by these currents, called the field of macrocurrent 

and denote macrocurrents 0B . 

If an object is placed in this field 0B , then the magnetic moments of the 
atoms of matter will be oriented against the field in the diamagnetic and 
paramagnetic in the field. Ie microcurrents substances create an internal 

field B , opposite directions in the diamagnetic and paramagnetic in 
collinear. Then the magnetic induction vector of the resultant magnetic field 
in matter is equal to the vector sum of the magnetic induction of the external 

field 0B  and microcurrents field `B   

`0 BBB ,           (3.226) 

where HB 00 . 
If we consider the matter in any section of a cylinder perpendicular to its 

axis, the substance inside the molecular currents of neighboring atoms are 
directed towards each other and cancel each other out. Not be compensated 
only molecular currents on the side of the cylinder. The current through the 
cylinder surface is similar to the current in the solenoid, and creates within 
it the field 

l
I

l
NIB ``` 00

,  N = 1, µ = 1,         (3.227) 

l
VI

l
lSIpm

`` ,               (3.228) 

l
Ijj

V
pm ` ,          (3.229) 

jB 0` ,   (3.230) 

jHBBB 000 ` ,                 (3.231) 

jHB

0

.    (3.232) 
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Experience shows that in weak magnetic fields, the magnetization is 

proportional to the field intensity H , causing the magnetization 
Hj .         (3.233) 

] = 1, 
where  - a dimensionless quantity called the magnetic susceptibility shows 
how the substance reacts (magnetized) to an external field. 

HB 10 ,   (3.234) 

1 .    (3.235) 
- link permeability  and susceptibility . 

00

0
B
B

H
BHB .   (3.236) 

Magnetic permeability shows how 
many times the resulting magnetic 
field in a substance greater than the 
external magnetizing field 

macrocurrents 0B  (Figure 3.55). 
For diamagnetic: 
 < 0, µ < 1, `0 BBB , 

 `0 BBB ,  ~ 10-5 ÷ 10-7. (3.237) 
For paramagnetic: 

 > 0;  µ > 1; ;̀0 BBB  `;0 BBB   ~ 10-3 ÷ 10-5.   (3.237, ) 
 
 

3.3.10 Electromagnetic induction. The phenomenon of 
electromagnetic induction. Faraday's law 
Faraday's experiments 

a) The solenoid, closed the 
galvanometer, pushed into and put 
forward the permanent magnet. The 
galvanometer deflection will, and it will 
be longer than the faster the pushed into 
and  put  forward.  When  you  change  the  
direction of the poles  
of the magnet deflection change. 
 

Figure 3.55 

Figure 3.56 
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b) solenoid, closed the 
galvanometer is inserted coil (another 
solenoid) through which current is 
passed. When you turn on and off (ie, 
any change in the current) is 
deflection of the galvanometer. 
Direction of the deviation varies with 
On - Off, decrease - the current 
increases, vdviganii - sliding out the 
coils. 

The phenomenon of 
electromagnetic induction is that in a 
closed conducting circuit when the 
flow of magnetic induction covered 
by this contour, an induction 
(induced) electric current. 
Occurrence of the induced current 
means that the circuit operates 
electromotive force Ei- induced emf. 

EMF induction, which occurs in 
the conducting circuit, equal to the 
rate of change of magnetic flux 
through the area bounded by this 
contour - Faraday's law. 

dt
d

i                                (3.238) 

In 1834, E.H. Lenz established the law, allowing to determine the 
direction of induced current. 

Lenz rule: induction  loop current  always  has  a  direction  such that  the  
magnetic field created by it prevents the change in magnetic flux that 
caused this induced current. 

The  minus  sign  in  Faraday's  Law  is  a  mathematical  expression  of  the  
rule of Lenz. 

If the circuit in which the induced emf is not composed of a single turn, 
and of N turns (eg, solenoid), if windings are connected in series, Ei will be 
equal to the emf induced in each of the coils individually (Figure 3.56): 

`0 BBB ,           (3.239) 

dt
dd

dt
d

dt
d

i
i

i

i
i

,    (3.240) 

Figure 3.57 
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i
id  - flux linkage or the total magnetic flux. 

Wb][ . 
If 1 = 2=…= n, then 

N .     (3.241) 
Because cosBSB ,  then  in  order  to  change the  magnetic  flux  F 

can be changed: 1) magnetic field B ; 2) the area S; 3) the angle . 
Spin current loop in a magnetic field 

The phenomenon of electromagnetic induction is used to convert 
mechanical energy and the energy of the electric current in the generator 
current loop area S rotates in a uniform 
magnetic field ( constB ) evenly 
with a constant angular velocity . 

t . 
Then 

tBSBS coscos .(3.242) 

tBS
dt
d

i sin . (3.243) 

At 1sin t  
BSi max ,        (3.244) 

and 
.sinmax tii     (3.245) 

Because network frequency constHz50
2

, then for increase 

maxi  need to increase B and S (Figure 3.58). As can be increased by using 
powerful permanent magnets or electromagnets to pass large currents. Core 
with a large electromagnet choose . To increase the use of S multiturn coil. 

If a current loop placed in a magnetic field, an electric current, then it 
will be acted torque 

BISBpM mrot .     (3.246) 
and the current loop starts to rotate. Based on this principle of the motor, 
designed to transform electrical energy into mechanical energy. 

 
3.3.11 Foucault currents. Of the circuit inductance. Self-induction 
Induced currents can be excited in continuous bulk conductors. In this case 

they are called Foucault currents or eddy currents. The electrical resistance of a 
bulk conductor is small, so eddy currents can reach a very large force. 

Figure 3.58 
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Eddy currents, as well as induced currents in linear conductors are 
subject Lenz's law: their magnetic field is directed so to counteract changes 
in the magnetic field that induces eddy currents. 

Therefore, moving in a strong magnetic field are good conductors under 
heavy braking due to the interaction of the eddy currents and the magnetic 
field. It is used for damping (steadying) of moving parts galvanometers, 
seismographs, etc. Thermal effect of the eddy currents is used in induction 
melting furnaces. 

To reduce eddy currents transformer cores made of individual plates and 
the plates are perpendicular to the currents of Foucault. 

S due to eddy currents rapidly current 
unevenly distributed over the cross section of 
wire - it pushed to the surface of a conductor 
- the skin effect. Therefore, at high 
frequencies using hollow wire. 

In any case where the contour of the 
electric current creates a magnetic field. In 
this case, there is always a magnetic flux F 
passing through the surface bounded by the 
circuit under consideration. 

Any change in the current in the circuit changes the magnetic field, 
coupled with the circuit, and this in turn causes the induced current. This 
phenomenon is called self-induction: the emergence of the emf induced in a 
conductor when the current in it (Figure 3.59). 

Of the Biot-Savart-Laplace should 

cII
r

dldB 2
0 sin

4
,    (3.247) 

ie magnetic flux linked with the circuit is proportional to the current I in the circuit 
LI .    (3.248) 

[L] = H (henry). 
1 H- inductance of the loop, the magnetic flux is self-induced by a 

current of 1 A is 1 Wb. 
Calculate the inductance L of the solenoid 

BSBSB cos ,     (3.249) 
magnetic induction of the solenoid 

coscos BSBS ,       (3.250) 

LIIS
l

NISN
l
NN

2

001
,    (3.251) 

S
l

NL
2

0
.      (3.252) 

Figure 3.59 
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ie inductance depends on the geometry of the solenoid ( Sl, ), number of 
turns and the magnetic permeability of the core solenoid. Therefore we can say 
that the inductance L capacitance C analogue isolated conductor, which also 
depends on the geometry, the shape and the dielectric constant of the medium. 

Applying the self-induction Faraday's law, we find that self-induced emf  

dt
dLI

dt
dILLI

dt
d

dt
d

is
.    (3.253) 

If constL  

,
dt
dILis

 (3.254) 

where the minus sign, due to Lenz's law, 
shows that the presence of inductance in the 
circuit slows current change in him. 
If the current increases with time, then 

0
dt
dI , and 0is , (Figure 3.60) i.e 

current is directed towards the self-
inductance of the current, due to the 
external source and inhibits its growth. 
If the current time is decreasing, then 

0
dt
dI  and ,0is  i.e induced current 

has the same direction as the decreasing 
current in the circuit, and slows its decay. 
Consequently, the circuit having inductance 

is electrically inert, consists in the fact that any change in the current is 
inhibited, the stronger, the more inductance. 

 
3.3.12 Ferromagnetic Materials 
Ferromagnetic materials behave just like paramagnetic materials but the 

effect is much more intense. Thus they are attracted by a magnet much more 
strongly. They always settle down in the direction of the magnetic field and 
their magnetization is positive and very much greater. 

They comprise iron, nickel, cobalt ,  gadolinium and certain alloys. The 
value  of  r  though  high,  is  not  constant  but  varies  with  B.  For  cast  iron,  
which is not a very good magnetic material, r has a maximum value of 
about 350. A silicon steel, stalloy, which is widely used in a.c. generator 
and transformers, has a maximum r of about 6000. Some nickel-iron alloys 
have values of r, up to 100.000, but they require careful heat treatment and 
are susceptible to mechanical strians. 

Figure 3.60 
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In the atoms of ferromagentic materials, there are vacancies in the inner 
electron shells. The electrons in these shells are, therefore, not paired off 
with equal and opposite orbital magnetic moments and anti-parallel spins. 
In the case of iron, for example, as many as 5 out of 6 electrons in the n = 3, 
l = 2 sub-shell have parallel spins. The atoms of these elements, therefore, 
possess appreciable magnetic moments (Figure 3.61). 

 
Figure 3.61 

 
Another important property of these materials, is that an unpaired 

electron in atom internets strongly with the unpaired electron in the atom 
adjustment to it.Hence the magnetic moment get all aligned in the same 
direction as shown in figure 3.61. This is known as exchange interaction. 

The atoms in all these elements (which are crystalline in nature) seem to 
group themselves togather in small and separate assemblies, called domains, 
each  about  5  x  10-5 m across. The magnetic moments in one domain are 
parallel to each other but not necessarily in the same direcion as those in a 
neighbouring domain. 

In the unmagnetised state, the domains are oriented randomly, as it is in 
figure 3.62 (a). Therefore, the material shows no sign of magnetization. 
When a magnetic field is applied to the material, alignment may occur in 
one or two ways: either (i) the magnetic moment in all the domains line up 
in  the  same  direction  as  the  field  or  (ii)  if  the  material  be  pure  and  
homogenous, the domain in which the magnetic moments are in the 
direction  of  the  field  continually  expands  at  the  expense  of  the  others,  as  
shown in figure 3.62 (b), (c) and (d). The first procedure requires a much 
stronger magnetic field than the second. 

 
                 a)                          b)                           c)                           d) 

Figure 3.62 
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Ferromagnetic materials retain their magnetization even after the 
magnetising field is removed. This is why permanent magnets are made of 
such materials. With temperature rise, the atomic alignment within the 
domains gets disturbed and at temperature near about 7500C, called the 
curie temperature, the material is reduced to a paramagnetic one. 

You should note that ferromagnetism is not an atomic property but just s 
special arrangement of groups of atoms into magnetic domain. 

An unmagnetised ferromagnetic material, placed in a magnetic field, 
becomes magnetised and thereby makes substantial alteration in the 
magnetic field that would otherwise be present, typically increasing the 
field  by  a  factor  of  a  thousand  at  points  within  or  near  the  material.  
Permanent magnets retain the alignment of their different domains. Other 
‘softer’ ferromagnetic material tends to revert to random domain alignment 
when a magnetising field is removed. 

Figure 3.63 show the rather complicated relationship between B and H 
in ferromagnetic material. If the sample is initially unmagnetised and H is 
steadily increased from zero, a B-H graph called the magnetization curve is 
obtained. This is the graph from state 0 to sate 1 in Figure 3.63. The 
permeability,  = B/H, is not constant. A typical ferromagnetic material, 
annealed ion, has a relative permeability with an initial value of 3x102 , a 
maximum  value  of  5  x  103,  and  a  limiting  value  of  1  (the  value  for  a  
vacuum) as H approaches infinity. 

With the sample magnetised state 1, reduction in H does not result in B 
values lying on the magnetization curve. As H decreases B decreases, but 
along  a  different  curve.  When  H  has  been  decreased  to  zero  (state  2),  a  
magnetic field still remains. This magnetic field Br is called the remanence. 
Continuing  with  changes  in  the  same  direction,  the  field  H  is  now  
established in the reverse direction, and b continues to decrease reaching the 
value zero at state 3. The corresponding magnetic intensity Hc is called the 
coercive force. With further change in the same direction we reach state 4, 
where B and H both have directions opposite to their directions in state 1. If 
we now reverse the direction of change of H we trace out the lower curve 
back to the original state 1. 

This closed B-H curved is called a Hysteris loop (Figure 3.63) and the 
phenomenon that the magnetization is not retraced is referred to as 
hysteresis (or lagging of the magnetic effect behind the magnetic field). 

The cause of hysteresis has been traced to the fact that domain 
boundaries, instead of shifting freely when H and M change tend to become 
stuck at crystal imperfections. 
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Figure 3.63 

 
Hysteresis makes possible the existence of permanent magnetism. A 

good material for a permanent magnet should have both a large remanence 
Br so that the magnet will be strong and a large coercive force Hc so that 
the field will not be greatly reduced by modest values of reverse magnetic 
intensity. 

Because of hysteresis, the B-H relationship in a ferromagnetic material 
is always dependent on the history of the material. Such material has a 
memory, a fact that is exploited in magnetic types. 
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Chapter 4 OSCILLATIONS  
 

4.1. THE HARMONIOUS OSCILLATIVE MOTION 
4.1.1 Kinematics of harmonious oscillations 

Processes, repeated over 
time are called vibrations. 

Depending on the nature of 
vibrational process and the 
excitation mechanism  are: 
mechanical oscillations 
(oscillations of pendulums, 
strings, buildings, a ground 
surface etc.); electromagnetic 
oscillations (alternating current 
oscillations, oscillations of 
vectors and E  and B  in  an  
electromagnetic wave etc.); 
electromechanical oscillations 
(oscillations of a membrane of 
phone, a loudspeaker 
diaphragm, etc.); vibrations of 
the nuclei and molecules as a 
result of a thermal motion in 
atoms. 

Consider the segment [OD] 
(the radius vector), perform a 
rotational movement around the 
point 0. Length | AP | = A. 
Rotation occurs at a constant 
angular velocity 0. Then the 
angle  between the radius 
vector and the axis of x varies 
with time as 

00t ,  (4.1) 
where 0 - angle between [OD] 
and the x-axis at time t =0. 
Projection of [OD] on the x-
axis at time t = 0 (Figure 4.1). 

 
)0(,cos 00 tAx ,          (4.2) 

Figure 4.1 
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and at any given time 
)()cos(cos 00 ttAAx  .  (4.3) 

Thus, the projection of [OD] on the x-axis oscillates occurring along the 
x axis, and these fluctuations are described by cosine law (Eq. (4.2)). 

Vibrations, which are described by the cosine 
)cos( 00tAx ,    (4.4) 

or a sine 
)cos( 00tAy .    (4.5) 

called harmonic. 
Harmonic oscillations are periodic, as value of x(y) is repeated at regular 

intervals. 
If [OD] s is the lowest position in the picture, ie Point D is the point P, 

then its projection on thex-axis  is  zero.  We  call  this  state  of  [OD]  
equilibrium position. Then we can say that the value of x describes the 
displacement of the vibrating point of equilibrium. The maximum 
displacement from the equilibrium position is called the amplitude 
fluctuations 

Axmax .      (4.6) 
Quantity 

00t ,      (4.7) 
which  is  under  the  sign  of  the  cosine  of  the  phase  is  called.  Phase  

determines the displacement from equilibrium at an arbitrary time t. Phase 
at the initial time t = 0, equal to 0 is called the initial phase (Figure 4.2). 

 
Figure 4.2 

 
The length of time for which is made one complete oscillation is called 

the oscillation period T. The number of oscillations per unit of time is called 
the oscillation frequency  

1T .    (4.8) 

After a time interval equal to the period T, i.e, an increase in the 
argument of the cosine 0T, movement is repeated, and the cosine takes the 
old value 
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))(cos()cos( 0000 Ttt .   (4.9) 
Since the period of cosine is equal 2 , hence, 0  = 2  (Figure 4.3) 

22
0 T

,    (4.10) 

 
Figure 4.3 - Figure harmonic oscillation 

 
A - amplitude,  - period,  - displacement, t - time. 

thus, 0 - is the number of oscillations of the body for the 2  seconds. 0 - 
circular or angular frequency. 

Speed oscillating point is found by differentiating equation displacement 
x(t) in time 

,
2

cos)sin())cos((

0max

000000
00

A

tAtA
dt

tAd
dt
dx

(4.11) 

i.e speed  is different in phase from the displacement x on /2. 
Acceleration - the first derivative of the velocity (the second derivative 

of the displacement) over time 

,

cos)cos())sin((

2
0max

00
2
000

2
0

000

Aa

tAtA
dt

tAd
dt
da (4.12) 

i.e. acceleration a different from displacement in phase on  (Figure 4.4). 

 
Figure 4.4 
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Plot  (t) (t) and a(t)in the same coordinate system (for simplicity we take 
0 = 0 and 0 = 1). 

Free or own called vibrations that occur in the system to its own after it 
was removed from the equilibrium position. 

Spring pendulum. Elastic and quasi-elastic forces. The equation of a 
vibrating spring 

Consider a body of mass m, mounted on a spring with spring constant k 
(spring mass is neglected). Stretch the spring by x. Then Hooke's law on the 
body will act elastic force Fel (Figure 4.5). 

1. amount of force is 
proportional to the deviation of the 
system from equilibrium 

xF ~ .    (4.13) 
2. direction opposite to the 

direction of the force displacement, ie 
force  is  always  directed  towards  the  
equilibrium position (at  > 0, Fel < 0, 

  < 0, Fel > 0). 
3) In equilibrium  = 0  Fel = 0. 
On a Hooke's law 

kxFel .  (4.14) 
System consisting of a material 

point of mass m and absolutely elastic 
spring with spring constant k, which 
may be free oscillations of the 
pendulum is called. 

 
We write Newton's second law for Figure 4.5. b 

maFbl ,      (4.15) 

kxFel ,      (4.16) 
kxma ,      (4.17) 

xtAa 2
000

2
0 )cos( ,    (4.18) 

kmkxxm 2
0

2
0 ,    (4.19) 

i.e 

m
k

0
,     (4.20) 

then 

m
k

2
1

2
1

0
,    (4.21) 

Figure 4.5 
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and 

k
mT 21 .     (4.22) 

If power is not in their nature elastic, but subject to the law kxF , it 
is called quasi-elastic force. 

Obtain the equation of the pendulum. We take into account in the record 
of the second law of Newton, that 

2

2

dt
xda ,            (4.23) 

then 
kxma ,            (4.24) 

02

2

kx
dt

xdm ,            (4.25) 

02

2

x
m
k

dt
xd ,           (4.26) 

02
02

2

x
dt

xd .           (4.27) 

- differential equation point oscillates (differential equation of the 
pendulum). 

Solution of differential equations: 
)cos( 00tAx       (4.28) 

-oscillating point equation (the equation of a vibrating spring). 

m
k

0
             (4.29)  

- natural frequency of oscillations. 
 

4.1.2 Mathematical and physical pendulums 
Periods of oscillation of mathematical and 

physical pendulum 
Mathematical pendulum - point mass 

suspended on a weightless inextensible thread, 
and oscillate in a vertical plane under the 
influence of gravity (Figure 4.6). 

Material point -  a  body  whose  mass  is  
concentrated in the center of mass and size in 
terms of this problem can be neglected. 
Mathematical pendulum at fluctuations is moved 
along a circular arc radius l .His movement is 
subject to the laws of rotational motion. Figure 4.6 
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The basic equation of rotational motion can be written as 
IM                   (4.30) 

M - the moment of forces, I – a moment of inertia,  – a angular 
acceleration. 

lPTM )( ,          (4.31) 
2mlI ,      (4.32) 

2

2

dt
ad .       (4.33) 

Resultant force T  and P  is equal to xP . 
Of the triangle ABC 

sinsin mgPPx ,        (4.34) 
i.e 

sinkPx ,         (4.35) 
Thus, the oscillations of a mathematical pendulum occur under the 

quasi-elastic force - gravity. 
Then (4.30) can be written as 

2

2
2sin

dt
admlmgl        (4.36) 

The minus sign takes into account that the vectors M  and a  have 
opposite directions (the angle of rotation can be regarded as a pseudovector 
of angular displacement a , the vector direction is defined by the rule of the 
right propeller, because of the minus sign is guided a  in the opposite side). 

Having reduced in (4.36) on m  and l  we will gain 

0sin2

2

l
g

dt
ad .       (4.37) 

At small angles of oscillations  = 5 ÷6°, sin , we will gain 

0sin2

2

l
g

dt
ad .                   (4.38) 

Label input 

l
g2

0
,                     (4.39) 

obtain the differential equation for the oscillations of a mathematical 
pendulum 

02
02

2

dt
ad .             (4.40) 

Its solution: 
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)cos( 000 t     (4.41) 
-the equation of a mathematical pendulum. 
One can see that the angle  varies as the cosine. 0 - amplitude, 0  - 

cyclic frequency, 0  - an initial phase. 

g
lT 2     (4.42) 

- the period of oscillationmof a mathematical pendulum. 
Physical pendulum - solid, vibrating by 

gravity around a fixed horizontal axis that 
does not pass through the center of gravity of 
the body, called the axis of oscillation of the 
pendulum (Figure 4.7). 

The basic equation for the rotational 
motion of a physical pendulum is written as 

sin2

2

mgl
dt

adI .    (4.43) 

At small angles of oscillation sin  
and the equation motion has the form 

02

2

I
mgl

dt
ad .      (4.44) 

Then we put 

I
mgl2

0
                 (4.45) 

get 

02
02

2

dt
ad     (4.46) 

-the differential equation of a physical pendulum. 

mgl
IT 22

0

    (4.47) 

-the period of oscillation of a physical pendulum 
Equating TPhys = Tmat: 

g
l

mgl
I 22 ,    (4.48) 

therefore, a mathematical pendulum with length 

ml
Ilred

,     (4.49) 

has the same period of oscillation, and this physical pendulum. 

Figure 4.7 
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redl  - the reduced length of a physical pendulum - is the length of the a 
mathematical pendulum, the oscillation period coincides with the period of 
the physical. 
 

4.1.3 The energy of the harmonic oscillations 
By definition, the kinetic energy of a body of mass m, moving with 

speed  equal 

,
2

cos
2

sin
22 0

2
2
0

0
2

22
0

2

tmtAmmEK
      (4.50) 

 

),2cos1(
2
1cos2    (4.51) 

 

)2cos(1
42

2cos1
2 0

22
0

0

22
0 tAmtAmEK

.  (4.52) 

 
The potential energy is equal to 

)2cos1(
2

cos
2

cos
22 0

22
0

0
2

22
0

0
2

2

0

2

0

tAmtAmtkAkxkxdxdxFU
xx

q
. (4.53) 

 
Total energy (Figure 4.8) is equal 

22
)cos(sin

2

222
0

0
2

0
2

22
0 kAAmttAmUEW k

. (4.54) 
 

 
Figure 4.8 
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Quasi-elastic force is conservative, so the total energy of the harmonic 
motion is constant. In the process of oscillations is turning kinetic energy 
into potential energy and vice versa. 

Fluctuations KE  and U  have a frequency 2 0, ie twice the frequency of 
harmonic oscillations. 

 
4.1.4 Addition of harmonic oscillations. Image fluctuations in vector 

diagram 
1. Let oscillations are described by the equation 

 
Figure 4.9 

 
)cos( 00tAx     (4.55) 

Laid from point A on the vector length, making an angle 0 with Ox. If 
this vector to begin rotating with angular velocity 0, then the projection of 
the  end  of  the  vector  will  change  with  time  as  the  cosine  (4.55),  i.e,  
harmonic motion can be described by a vector whose length is equal to the 
amplitude of the oscillations A, and the direction of the vector form the x-
axis angle of the initial phase 0 (Figure 4.9). 

Addition of two harmonic oscillations of the same direction and the 
same frequency (Figure 4.10). 

)cos( 01011 tAx ,     (4.56) 

 
Figure 4.10 
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)cos( 20022 tAx ,     (4.57) 

)cos()cos( 0202010121 tAtAxxx .    (4.58) 

The resulting vector A  is equal to 

21 AAA .      (4.59) 
 

And find on the parallelogram, its projection on the X axis equal to 
21 XXX .     (4.60) 

Length of the resulting vector, or the amplitude of the resulting 
oscillation is on the law of cosines and equal 

)cos(2 102021
2
2

2
1 AAAAA .    (4.61) 

The initial phase of the resulting oscillation is determined by the 
condition 

202101

202101

2010

2010
0 coscos

sinsin
AA
AA

XX
YYtg .  (4.62) 

The addition of two harmonic oscillations with the same frequency and 
the same direction, the resulting motion is also a harmonic oscillation with 
the same period and an amplitude A, which lies within 

2112 AAAAA .   (4.63) 
Fluctuations that have 2010 , 21 AAA  are called in-phase. 
Fluctuations that have 2010 , 12 AAA  called antiphase. 

If 21 AA , when 2010 , 12AA , at 2010 , .012 AAA  
 

4.1.5 Beats 
Beats - addition of oscillations with close frequencies 21 . 
With the addition of harmonic oscillations differ slightly in frequency 

resulting motion is a harmonic oscillation with pulsing amplitude. Such 
vibrations are called beats. 

For simplicity, assume 
,21 AAA  .02010   (4.64) 

Then 

tAAx
tAAx

222

111

coscos
coscos ,   (4.65) 

where 2121 ,  

ttAtAtAx
2

cos
2

cos2coscos 2121
21

  (4.66) 
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The resulting expression is the product of two oscillations. 
Factor t

2
cos 21  has  a  frequency  an  average  of  two  terms  of  

vibrations. ie close to their frequencies 1  and 2 . The second factor 

t
2

cos 21  has in virtue of proximity 1  and 2  low frequency, i.e large 

period. This allows us to consider the resulting motion as nearly harmonic 
oscillation with an average angular frequency 

2
21  and slowly 

varying amplitude tA
2

cos2 21 . 

When 21 , AAr 2 . After a interval 
21

, one of the vibrations 

behind the other in phase by  and 0rA . This gradual increase and 
decrease the amplitude of the resulting oscillation is called a beat 
(Figure 4.11). 

If 1  and 2  are comparable, i.e can be found two numbers 1n  and 2n , 
that 

2

1

2

1

1

2

n
n

T
T , then after that interval of time 

21
21

21
21

2)(2)( nnnn . 

 

 
Figure 4.11 

 
1, 2 – graph the slowly varying amplitude. 
3 – graph of the resulting oscillation. 
The arguments of both factors in (4.67) to change the whole (though 

different) number of times 2 , their product will take the same value as in 
the beginning of period . The value of  is the time period of the resulting 
oscillation. If the frequency is not comparable, the resulting oscillation will 
non-periodic. 
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4.1.6 Addition perpendicular vibrations 
Consider the result of the addition of two harmonic oscillations of the 

same frequency 21 , occurring in mutually perpendicular directions 
along the x and y axes (Figure 4.12). 

)cos(
)cos(

20

10

tBy
tAx  .     (4.68) 

) Let 2010 .  (4.69) 

 
Figure 4.12 

Then 
B
A

y
x  and x

A
By  - trajectory the diagonal of a rectangle with 

sides 2A (x-axis) and 2B (y-axis) (Figure 4.13). 

 
Figure 4.13 

 

b) Let 2010  (Figure 4.14). Then x
A
By .  (4.70) 

 
Figure 4.14 

 

c) Let 2/2010 , ,
2  

 (4.71) 
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)cos( 10t
A
x ,                         (4.72) 

),sin(
2

cos 1010 tt
B
x                 (4.73) 

),(sincos 10
2

10
2

2

2

2

2

tt
B
y

A
x             (4.74) 

 
Figure 4.15 

 

12

2

2

2

B
y

A
x  - ellipse.            (4.75) 

 
If  =  - circle.  
d) 2/2010  - ellipse, but changes the direction of the circuit. 
e) Arbitrary 10  and 20  - also an ellipse with equation 

)(sin)cos(2
1020

2
10202

2

2

2

AB
xy

B
y

A
x .  (4.76) 

In the general case 

1. k21020 ,   (4.77) 

0
B
y

A
x ,             (4.78) 

x
A
By .                  (4.79) 

2. )12( k ,    (4.80) 

0
B
y

A
x ,     (4.81) 
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x
A
By .                             (4.82) 

3. k2/ ,   (4.83) 
,1sin,0cos    (4.84) 

12

2

2

2

B
y

A
x .            (4.85) 

f) Lissajous figures (Figure 4.16) 
In the case where the frequency of oscillation perpendicular, in which both 

involved the point under consideration are as integers, the trajectory is a 
complex curves, known as Lissajous figures. The shape of the curve depends on 
the ratio of amplitude, frequency and phase difference summed vibrations. 

Ratio of frequency foldable vibrations is the ratio of the number of 
intersections of the Lissajous figures with lines parallel to the axes. By type 
of Lissajous figures can be determined from the known unknown frequency, 
or to determine the frequency ratio 1  and 2 . 

 
Figure 4.16 

 
4.2 DAMPED OSCILLATORS 
4.2.1 Damped oscillations. Damping rate. Logarithmic decrement. 

Quality 
Free vibrations of engineering systems in the real world takes place 

when they are forces of resistance. The effect of these forces leads to a 
decrease in the amplitude of the fluctuating value. 
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Fluctuations with amplitude due to energy losses of real oscillating 
system decreases over time are called damped. 

The most common cases where the resistance force is proportional to the 
velocity of the motion 

~rF , rFr ,      (4.86) 
where r - coefficient of resistance of the medium. The minus sign 

indicates that the Fr is directed in the direction opposite the velocity. 
We write the equation of vibrations at the point oscillating in a medium 

whose resistance coefficient r. According to Newton's second law 
,rkxma      (4.87) 
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where  - coefficient of damping. This ratio describes the rate of damping. 
In the presence of the forces of resistance the energy of the oscillating 
system will gradually decrease, the oscillations are damped. 
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2

x
dt
dx

dt
xd     (4.91) 

- Differential equation of damped oscillations. 
)cos( 0tAex t     (4.92) 

-The equation of damped oscillations. 
 - the frequency of the damped oscillations: 

22
0 .     (4.93) 

The period of the damped oscillations 

22
0

2T .     (4.94) 

Damped oscillations in the rigorous treatment are not periodic. 
Therefore, the period of damped oscillations can say when  is  small.  If  
you are weak damping 0 , then 

0
0

2TT .     (4.95) 
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Damped oscillations can be considered as harmonic oscillations whose 
amplitude varies exponentially 

teAA 0 .      (4.96) 
In equation (4.66) 0A  and 0  -  arbitrary  constants  that  depend on the  

choice of the point in time at which we consider vibrations. 
00t , 00 cosAx .    (4.97) 

Consider the oscillations for at some time , for which the amplitude is 
reduced by a factor e 

teAtA 0)( ,     (4.98) 
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1 , where  - relaxation time. 

 
Figure 4.17 

 
The damping coefficient  is inversely proportional time, during which the 

amplitude is reduced by a factor e. However, the damping factor is not enough 
to describe the damping vibrations. It is therefore necessary to introduce this 
feature for vibration damping, which includes the time of one vibrations (Figure 
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4.15). This characteristic is the decrement damping D, which is the ratio of the 
amplitudes, which are separated in time by a period: 

.
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0

0 T
Tt

t

e
eA

eA
TtA

tAD     (4.102) 

Logarithmic decrement is equal to the logarithm of D: 

)(
)(lnln
TtA

tATD ,    (4.103) 

eN
TT 1 .    (4.104) 

Damping constant is inversely proportional to the number of vibrations 
that result in decreased amplitude of e. Damping constant - constant for a 
given system magnitude. Another feature of the system is the vibrational 
quality factor Q. 

T
NQ e

.    (4.105) 

Quality factor is proportional to the number of vibrations committed 
system during the relaxation time . Quality factor Q vibrating system is a 
measure of relative dissipation of energy. 

Quality factor Q oscillating system is a number indicating how many 
times the force of elasticity greater resistance forces. 
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The higher the quality factor, the slower the damping, the damped 
oscillations close to free harmonic. 
 

4.2.2 Forced oscillations. Resonance 
In many cases there is a need for systems that commit sustained 

oscillations. Get undamped oscillations in the system can compensate for 
the loss of energy when, acting on a system of periodically changing force. 

Let 
.cos0 tFFariv     (4.107) 

We write the expression for the equation of motion of a particle 
undergoing harmonic oscillatory motion by the driving force. According to 
Newton's second law: 

,cos0 tFrkxma    (4.108) 
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F    (4.110) 

,cos2 0
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tfx
dt
dx

dt
xd   (4.111) 

Differential equation of forced oscillations. This differential equation is 
linear inhomogeneous. His solution is the total solution of the homogeneous 
equation and a particular solution of the inhomogeneous equation: 

inf.. partntot XXX ,     (4.112) 

.cos0. teAX t
ntot     (4.113) 

We find a particular solution of the inhomogeneous equation. To do this, 
we rewrite (4.111) as follows: 

.2 0
2
0

tiefxxx    (4.114) 
The particular solution of this equation sought in the form: 

tiAex .    (4.115) 
Then 

,tiAeix     (4.116) 

.2 tiAex     (4.117) 
In (4.114): 
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because holds for any t, we must have , hence 
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This complex number is conveniently written as 
,iAex     (4.120) 

where A is defined by (3 below), and  - by the formula (4.123), therefore, 
the solution (4.114) in the complex form is 

.)( tiAex  
Its real part is the solution of equation (4.111) is: 

),cos(. tAeX t
partic   (4.121) 

where 

,
4)( 2222
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i
fA    (4.122) 
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22
0

2tg ,    (4.123) 

Xth term plays a significant role only in the initial stage of the 
establishment of of oscillations as long as the amplitude of the forced 
oscillations reaches the value defined by equation (4.123). In steady state 
forced oscillations occur with a frequency  and are harmonic. The 
amplitude (4.123) and phase (4.122) induced oscillations depend on the 
frequency of the driving force. 

At a certain frequency of the driving force amplitude can reach very 
high values. The sharp increase in the amplitude of the forced oscillations in 
the frequency of the driving force to the natural frequency of the mechanical 
system is resonance. 

 

 
Figure 4.18 

 
Frequency  of  the  driving  force  at  which  a  response  is  called  

resonance. In order to find the value res need to find the condition of the 
maximum amplitude. To do this, you need to determine the minimum 
condition of the denominator in (4.122) (i.e the study (4.122) on the 
extreme). 

04)( 22222
0

,    (4.124) 

0844 232
0 ,    (4.125) 

22
0 2res .   (4.126) 

The amplitude of the fluctuating value of the frequency of the driving 
force is called the resonance curve. Resonance curve will be higher, the 
lower the damping factor  and decreasing , the maximum resonance 
curves mixed right. If  = 0 (Figure 4.19), then 0res . 
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When 0 , all the curves come to value 2
00 /f  - static deflection. 

k
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m
Ff 0

2
0

0
2
0

0 . 

 
Figure 4.19 

 
4.3 ELASTIC WAVES 
4.3.1 The Waves in an elastic medium 
If the vibrating body (tuning fork, strings, membranes, etc.) is in an 

elastic medium, it leads to the oscillatory motion of a particle in contact 
with the environment, resulting in the body adjacent to this element of the 
medium, periodic deformation (for example, compression and tension). In 
these strains in the environment appear elastic forces tend to return the 
elements of the environment to its original state of equilibrium, due to the 
interaction of neighboring elements of the environment, the elastic 
deformation will be transferred from one part of the environment to other, 
more remote from the oscillating body. 

Thus, the periodic deformations caused in any place of the elastic 
medium, will be distributed in the environment with a rate that depends on 
its physical properties. The particles of the medium oscillates about 
equilibrium positions. From one part of the environment to another is 
transmitted only the state of deformation. 

The propagation of the vibrational motion in the environment is called 
the wave process, or just wave. Depending on the nature of emerging with 
the elastic deformation distinguish longitudinal and transverse waves. In 
longitudinal waves (Figure 4.20), particles of the medium oscillate along 
the direction of oscillation. In transverse waves (Figure 4.21), particles of 
the medium oscillate perpendicular to the direction of propagation. 

Liquid and gaseous media do not have elastic shear, so they are excited 
only longitudinal waves propagating in the form of alternating 
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compressions and rarefactions. Waves excited on the surface, are transverse, 
they are due to the earth's gravity. 

 
Figure 4.20 

 

 
Figure 4.21 

 
Suppose that a point source wave began excite vibrations in the 

environment at time t = 0, after a time t is the oscillation spread in different 
directions at a distance tr i , where i  - wave velocity in this direction. 
The surface to which the vibration comes at some point in time is called the 
wave front. The shape of the wave front is defined by the configuration of 
the source of vibrations and the properties of the medium. In homogeneous 
media, the propagation velocity of the wave is the same everywhere. 
Medium called isotropic if the speed is the same in all directions. Wave 
front from a point source of oscillations in a homogeneous and isotropic 
medium has the form spheres, and such waves are called spherical. 

In a heterogeneous and isotropic (anisotropic) environment, as well as 
from non-point sources of vibration wave front has a complex shape. If the 
wave  front  is  a  plane,  and  this  form  is  saved  as  wave  propagation  in  the  
medium, the wave is flat. 
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Surface waves, point of of which oscillate in the same phases, called 
wave or phase surfaces. 

Graph showing the distribution in the medium fluctuating value at a 
given time is called the waveform (Figure 4.22). 

 
Figure 4.22 

 
The equation of a plane wave 

Wave equation allows us to find the displacement from equilibrium 
oscillating point (x, y, z) at time t. 

),,( zyxSS .     (4.127) 
Let vibrations points lying in the plane x = 0, are due to the cosine law 

)cos(),0( 0tAtS .   (4.128) 

 
Figure 4.23 

 
Find  the  form  of  vibrations  of  points  in  a  plane  corresponding  to  an  

arbitrary value of x. In order to go from x = 0 to the plane wave needs time 
x

,  – speed of wave propagation, therefore, the fluctuations of the 

particles lying in the x, will lag in time by  of oscillations of the particles in 
the x = 0; i.e, have the form 

00 cos)(cos),( xtAtAtxS .  (4.129) 
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Equation of the incident, the traveling wave (equation of waves 
propagating in the direction of the axis X). 

S-shift of the point of equilibrium in the plane at a distance x from the 
source of vibrations, A - wave amplitude, 0 - initial phase. 

For a single wave can choose S and t, so that 0 = 0. For several waves 
can not. If the wave propagates in the direction of decreasing x coordinate, 

the oscillations in the x plane will begin earlier on 
x

, than in the x = 0. 

Then the equation of the reflected wave can be written as 

0cos),( xtAtxS .    (4.130) 

 
4.3.2 The concept of the phase velocity. Relation between the 

phase and group velocities 
1. Fix some value of the phase, which stands in the equation of a 

traveling wave 

constxt 0
.     (4.131) 

It follows from it relation between the time t and the place's, in which 

the phase has a fixed value. Flows out of it value 
dt
dx

 gives the rate at 

which the value is moving phase. Differentiating (4.131), we obtain 

01 dxdt ,      (4.132) 

dt
dx ,     (4.133) 

k2 ,    (4.134) 

T ,    (4.135) 

k ,      (4.136) 

)cos( 0kxtAS ,   (4.137) 
k - wave number,  – wave length. 

Thus, the velocity  in  the  equation  of  the  propagating  wave  is  phase  
velocity, i.e, it shows how fast spread phase of the wave (speed of the phase). 

In all real wave processes have to deal with more complex waves with 
non-sinusoidal character. Such a complex wave can be represented as the 
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sum of cosine or sine waves, or a group of such waves. In reality, there is 
the movement of groups of waves, each of which differs from the other in 
frequency.  At  any  given  time  you  can  find  the  point  at  which  there  is  a  
maximum vibration resulting overlay of these waves. At this point, any 
phase of the waves is the same. This point is called the center of the waves. 

The position of the center of the waves varies with time. This point 
corresponds to the maximum energy of the oscillating waves. The energy of the 
oscillating wave group moved at a speed equal to the speed of the center of a 
group of waves. This velocity is called the group velocity. It is denoted by u. 

2. The link between the group and phase velocities. 
To find this relationship, we use the fact that the center of the group phase 
of the waves all waves are the same. The group velocity is 

k
u ,    (4.138) 

k ,     (4.139) 

dk
dk

dk
kdu )( ,    (4.140) 

dk
d

d
d

dk
d ,     (4.141) 

kkdk
d

k 2
22 ,   (4.142) 
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d ,    (4.143) 

d
du .     (4.144)  

Depending on the sign of 
d
d  the group velocity u  may be less or greater 

than the phase velocity . In the absence of dispersion 0
d
d  the group 

velocity coincides with the phase. 
 
4.3.3 Electromagnetic Oscillations and Waves of the resonant circuit. 

The natural oscillations in resonant circuit. Thomson formula. Damped 
and forced oscillations  

1. Free oscillations in r.c. 
Oscillating circuit (R.C.) is a chain consisting of capacitors and inductors. 

Under certain conditions r.c. can cause electromagnetic oscillations of the 
charge, current, voltage and power (Figure 4.24). 
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Figure 4.24 

 
Consider the circuit shown in Figure 4.25. If you put the key in position 

1, there will be a charge on 
the capacitor and its plates 
will charge Q and voltage 
UC. If you then put the key 
in position 2, the capacitor 
will discharge, a current 
will flow in the circuit, and 
the energy of the electric 
field between the plates of a 
capacitor, will be 

transformed into the energy of the magnetic field is concentrated in the 
inductor L. The presence of the inductor causes the current in the circuit 
increases, not immediately, but gradually due to the phenomenon of self-
induction. As the discharge of the capacitor charge on its plates will be 
reduced, the current in the circuit to increase. Maximum loop current to 
reach at a charge equal to zero on the plates. 

Since then loop current will begin to decrease, but, due to the 
phenomenon of self-induction, it will be supported by the magnetic field of 
the coil, i.e at full capacitor discharge magnetic energy stored in the 
inductor, the energy will go into the electric field. Because of the loop 
current will begin recharging the capacitor and its plates will accumulate a 
charge opposite to the original. Recharging of the capacitor will be long 
until the power of the magnetic field coil goes into the energy of the electric 
field condenser. The process is then repeated in the opposite direction, and, 
thus, in the chain of any electromagnetic vibrations. 
We write the 2-nd Kirchoff's considered r.c. 

SCU ,    (4.145) 

dt
dIL

C
q ,    (4.146) 

Figure 4.25 
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dt
dIL

C
q ,    (4.147) 

dt
dIL

C
q ,    (4.148) 

LC
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,    (4.149) 
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q
dt

qd .     (4.150) 

- Differential equation R.C. 
We obtain the differential equation for the oscillations of charge r.c. 

This equation is similar to the differential equation describing the motion of 
a body under the quasi-elastic force. Therefore, will likewise be recorded 
and solution of this equation 

),cos( 00 tqq    (4.151) 
- The equation of charge oscillations r.c. 

)cos( 0
0 t

C
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,    (4.152) 

- Equation of voltage fluctuations on the capacitor plates r.c. 

)sin( 000 tq
dt
dIL

C
q ,   (4.153) 

- Equation of the current oscillations r.c. 
2. Damped oscillations r.c. 

Consider the R.C. containing capacitance, inductance and resistance. 2-
nd Kirchhoff's law in this case is written as 

SCUIR ,            (4.154) 

,IRU R    (4.155) 
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,    (4.157) 
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L
R

2
 - damping factor, 2

0  - own cyclic frequency. 
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dt
dqI  ,   (4.160) 
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dI ,   (4.161) 
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 - differential equation of damped oscillations r.c. 

)cos( 00 teqq t     (4.163) 
 
- equation of damped oscillations of the charge r.c. 

teqq 0     (4.164) 
 
- law of variation of the amplitude of the charge for the damped oscillations 
in the R.C.: 
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-The period of the damped oscillations. 
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- damping rate. 
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- logarithmic damping decrement. 
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- quality factor of the circuit. 
If 22

0  the damping is weak, then 0. 

LCR
Q 11 .     (4.169) 

Investigate the change in the voltage on the capacitor plates. 
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Current change is different in phase  of the voltage. 
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at ,22
0  - possible damped oscillations, 

at 22
0  - emergency, 
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Figure 4.26 

 
at 22

0 , i.e R  >  R  - fluctuations do not occur (aperiodic discharge 
capacitor). 
3. forced oscillations 
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Figure 4.27 

 
Undamped electromagnetic oscillations will occur in r.c. containing R, L 

and C in the case in this circuit to enter the EMF varies as a sine or cosine. 
In the circuit after the time of formation of forced oscillations occur 
undamped electromagnetic waves with frequency of the driving force. 

Apply the 2-nd Kirchhoff's law to the subject R.C. 
SdrivCR UU ,     (4.176) 
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 –the frequency of the driving force 
.. runictotal qqq ,      (4.179) 
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The law of change current 
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The law of change charge. 
2

2 1
C

LRZ .   (4.186) 

Impedance. 
LX L  - Inductance. 

C
XC

1  - Capacitance (Figure 4.28) 

   

Figure 4.28 
 

4.4 SOUND 
This study of sound will concentrate on only a few main ideas - sound as 

an example of a longitunal wave exhibits all the properties that all waves 
exhibit including a speed that depends on the medium that carries the wave 
and both interference and diffraction. Sound level measurements (the 
decibel scale) are related to the energy density in the wave, and the apparent 
frequency of the sound one hears depends on both the speed of the source 
and the speed of the listener relative to the speed of sound in air (the 
Doppler effect). The most general study of sound would include discussions 
of how sound propagates through air as well as in liquids and solids, our 
perceptions of sound - which would require understanding the physiology of 
hearing, and would ultimately lead to the study of musical instruments and 
the complex study of acoustics. 

 
Sound as a wave 
The general principles studied in the discussion of wave motion apply 

equally well to sound. That includes, of course, the most general 
relationships between wave speed, wavelength, and frequency: That is, 
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f ,     (4.187) 
where  represents the wavelength and f is the frequency. The wave 

speed v is determined by properties of the medium - which we will consider 
is air. The wave itself is longitudinal rather than transverse as are waves on 
strings  and  the  surface  waves  on  water.  But  the  waves  propagate  in  all  
directions as a speed determined by the compressibility and mass density of 
the air. The propagation of a disturbance in air is described by a differential 
equation of the same form as for transverse waves on a taut string. So the 
solutions to the equation are necessarily of the same form as well. That is, a 
disturbance in air is governed by a wave equation of the form 
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2
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2

2 ),(),(
x

txy
t

txy ,   (4.188) 

which has solutions representing waves traveling a speed v that depends 
on the bulk modulus B (which in turn depends on pressure and temperature) 
and  on  the  mass  density   of the air. That is, the disturbance that 
propagates  through the  air  that  we call  "sound"  can  be  described with  the  
same type of wave equation that was used to describe waves on strings. And 
the speed of those waves depends on properties of the medium through 
which they travel. 

B ,   (4.189) 

where B plays the same role as the tension in the string and  is the mass 
per unit volume of the air rather than the linear mass density of the string 
which supported a transverse wave. 

In air, the wave speed can be related to the air temperature by 

273
/331 TsmRT  .   (4.190) 

Where  is a constant for air,  R  is the Universal Gas Constant,  is 
the average molecular mass of air and the temperature is the Absolute 
temperature on the Kelvin scale. The equation can be simplified in terms of 
the speed of sound in air at 273 K (i.e, ice point). 

Sound Intensity 
The intensity of a wave is simply the energy per unit time that is 

transferred per unit area of a surface that the wave impinges on. But energy 
per time is just the power that is delivered by the source. And that energy is 
distributed over an ever increasing area as the wave propagates away from the 
source. Assuming a point source of sound, with waves spreading outward in 
spherical wave fronts - and assuming no energy dissipation as the wave 
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propagates through the air - the intensity decreases as the inverse square of the 
distance from the source as the energy is spread over an ever increasing 
spherical surface. So the intensity, or power per unit area, is simply given by 

Intensity in watts/m2 

24 r
P

I avg ,      (4.191) 

where avgP  is the power emitted by the source and r is the distance from 
the source. The intensity I would be measured in watts per square meter. 

In practice, the intensity of a sound is much 
more complicated, since the above expression 
assumes a point source of sound that spreads out 
uniformly in all directions. Ignored in this 
expression is the absorption of sound by the air 
itself and reflections from surfaces that the sound 
Graphing the intensity as a function of distance 
from the source shows how intensity diminishes 
as the energy of the sound waves is spread over 
an ever increasing area. As the distance from the 
sound  source  increases,  the  intensity  decreases  until  it  would  be  
undetectable. The weakest sound intensity that most humans can hear is 
about 10-12 w/m2. 

That level is called the threshold of hearing and is assigned the symbol 
Io. All other sound intensities can be related to 
Io. That is, a sound intensity one hundred times 
the threshold of hearing would be 
written 0

210 II , etc. The loudest sounds that 
humans can endure over any prolonged time - 
although that level is physically uncomfortable - 
has an intensity of about one watt/m2 and  is  
called the threshold of pain. And we can detect 
much larger intensities even than that - although 
they can cause permanent hearing loss. 

 
 
4.4.1 The Relationship between Intensity and Loudness - the Sound 

Level in Decibels 
Because human hearing covers such an enormously large range in 

intensities the measure of sound levels makes use a logarithmic scale called 
the decibel scale which more accurately reflects our perception of the 
loudness of sound. 

Figure 4.29 

Figure 4.30 
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The sound level (sometimes called the intensity level - a term which I 
think is too easily confused with "intensity" which is measured in w/m2) 
associated with any sound is determined by the intensity ratio relative to the 
threshold of hearing and is measured in decibels. That is, the sound level in 
decibels is defined by 

Sound level in decibels 

0

log10
I
I .   (4.192) 

It  is  useful  to  notice  that  the  sound  level  of  the  threshold  of  hearing  
would be given as 0 Db, since log(1) = 0. It is also useful to notice that the 
sound intensity that humans find physically uncomfortable (called the 
threshold of pain) is about 1 w/m2 -  which  is  1012 times  the  threshold  of  
hearing. The corresponding sound level is thus 10 log (1012), or 120 Db. 

When comparing two different sound intensities, say I1 and I2 the 
difference in sound levels would be given by 
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1
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2
12 log10log10
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I

I
I , which would reduce to 

1

2log10
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I .    (4.193) 

When the source of sound is a "point source" – i.e, the sound spreads out 

uniformly in all directions - the intensity is given by 
24 r

PI .  So  the  

sound level difference between the two points at different distances from 
the same source is given by 
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r .    (4.194) 

 
4.4.2 Electromagnetic Waves 
Consider a plane electromagnetic wave propagating through a vacuum 

in the z  -direction. Incidentally, electromagnetic waves are the only 
commonly occurring waves that do not require a medium through which to 
propagate. Suppose that the wave is linearly polarized in the x  -direction: 
that is, its electric component oscillates in the x  -direction. It follows that 
the magnetic component of the wave oscillates in the y  -direction 
(Fitzpatrick 2008). According to standard electromagnetic theory, the wave 
is described by the following pair of coupled partial differential equations: 
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t
E yx

0

1 ,     (4.195) 
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xy
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1 ,     (4.196) 

where ),( tzEx  is the electric field-strength, and ),( tzH y
 is the magnetic 

intensity (i.e., the magnetic field-strength divided by 0 ). Observe that 
Equations (4.195) and (4.196), which govern the propagation of 
electromagnetic waves through a vacuum, which govern the propagation of 
electromagnetic signals down a transmission line. In particular, xE  has 

units of voltage over length, yH  has units of current over length, 0  has 

units of capacitance per unit length, and 0  has units of inductance per unit 
length. 

Equations (4.195) and (4.196) can be combined to give 
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It follows that the electric and the magnetic components of an 
electromagnetic wave propagating through a vacuum both separately satisfy 
a wave . Furthermore, the phase velocity of the wave is the velocity of light 
in vacuum, 

smc /10998,21 8

00

.    (4.199) 

Let  us  search  for  a  traveling  wave  solution  of  Equations  (4.195)  and  
(4.196), propagating in the positive z  - direction, whose electric 
component has the form 

)cos(),( 0 kztEtzEx     (4.200) 
This is a valid solution provided that 

kc .       (4.201) 
According to Equation (4.196), the magnetic component of the wave is 

written 

)cos(1),( 0 kztE
Z

tzH y
,    (4.202) 

Where 

0

0
0ZZ  ,   (4.203) 
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and 0Z  is the impedance of free space. Thus, the electric and magnetic 
components of an electromagnetic wave propagating through a vacuum are 
mutually perpendicular, and also perpendicular to the direction of propagation. 
Moreover, the two components oscillate in phase (i.e, they have simultaneous 
maxima and zeros), and the amplitude of the magnetic component is that of the 
electric component divided by the impedance of free space. 

Multiplying Equation (4.195) by xE0 , Equation (4.196) by yH0 , 
and adding the two resulting expressions, we obtain the energy conservation 
equation 

0
zt

z .     (4.204) 

Where 
2

0
2

02
1

yx HE ,      (4.205) 

is  the  energy  density  (i.e.,  energy  per  unit  volume)  of  the  wave  
(Fitzpatrick 2008), whereas 

yxz HE  ,     (4.206) 
is the energy flux (i.e., power per unit area) in the positive Z  -direction. 

The mean energy flux associated with the Z  -directed electromagnetic wave 
specified in Equations (4.200) and (4.202) is thus 
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For a similar wave propagating in the negative Z  -direction, it can be 
demonstrated that 

)cos(),( 0 kztEtzEx ,  (4.208) 

)cos(1),( 0 kztE
Z

tzH y
,     (4.209) 

And 
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Consider a plane electromagnetic wave, linearly polarized in the x  -
direction, that propagates in the z  -direction through a transparent 
dielectric medium, such as glass or water. As is well-known (Fitzpatrick 
2008), the electric component of the wave causes the neutral molecules 
making up the medium to polarize: that is, it causes a small separation to 
develop between the mean positions of the positively and negatively 
charged constituents of the molecules (i.e., the atomic nuclei and the 
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orbiting electrons). [Incidentally, it can be shown that the magnetic 
component of the wave has a negligible influence on the molecules, 
provided the wave amplitude is sufficiently small that the wave electric 
field does not cause the electrons and nuclei to move with relativistic 
velocities (ibid.).]  

If the mean position of the positively charged constituents of a given 
molecule, of net charge q , develops a vector displacement d  with 
respect to the mean position of the negatively charged constituents, of net 
charge q , in response to a wave electric field E , then the associated 
electric dipole moment is qdp , where d  is generally parallel to E  
(ibid.). Furthermore, if there are N  such molecules per unit volume then 
the electric dipole moment per unit volume is written Nqdp . In a linear, 
isotropic, dielectric medium (ibid.), 

,)1(0 Ep     (4.211) 
where 1  is a dimensionless quantity, known as the relative dielectric 

constant, that is a property of the medium in question. In the presence of a 
dielectric medium, Equations (4.208) and (4.209) generalize to give 
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When combined with Equation (4.210), these expressions yield 
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It can be seen that the previous equations are just like the corresponding 
vacuum equations, (4.195) and (4.196), except that 0  has been replaced by 

0 . It immediately follows that the phase velocity of an electromagnetic 
wave propagating through a dielectric medium is 

,1

00 n
c     (4.216) 

where ,1

00

c  is  the  velocity  of  light  in  vacuum,  and  the  

dimensionless quantity 
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n ,      (4.217) 
is known as the refractive index of  the  medium.  Thus,  an  

electromagnetic wave propagating through a transparent dielectric medium 
does so at a phase velocity that is less than the velocity of light in vacuum 
by a factor n  (where 1n ). The dispersion relation of the wave is thus 

.
n
kck      (4.218) 

Furthermore, the impedance of a transparent dielectric medium becomes 

,0

0

0

n
ZZ     (4.219) 

where 0Z  is the impedance of free space. 
Incidentally, the signal that travels down a transmission line is a form of 

guided electromagnetic wave. It follows that if the space between the two 
conductors that constitute the line is filled with dielectric material of 
relative dielectric constant  then the signal propagates down the line at the 
reduced phase velocity 

c .      (4.220) 

This occurs because the dielectric material increases the capacitance per 
unit length of the line by a factor , but leaves the inductance per unit 
length unchanged. For the same reason, the presence of the dielectric 
material decreases the impedance of the line by a factor . Hence, the 
impedance of a dielectric filled co-axial cable is  

.ln
2

1
0Z

a
bZ      (4.221) 

Here, a  and b  are the radii of the inner and outer conductors, 
respectively. 

Suppose that the plane 0Z  forms the interface between two 
transparent dielectric media of refractive indices 1n  and 2n .  Let  the  first  
medium occupy the region 0Z , and the second the region 0Z . 
Suppose that a plane electromagnetic wave, linearly polarized in the x  -
direction, and propagating in the positive Z  -direction, is launched toward 
the interface from a wave source of angular frequency  situated at 
Z . We expect the wave incident on the interface to be partly 
reflected, and partly transmitted. The wave electric and magnetic fields in 
the region 0Z  are written 

)cos()cos(),( 11 zktEzktEtzE rix  ,  (4.222) 
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)cos(1)cos(1),( 11 zktE
Z

zktE
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tzH riy ,   (4.223) 

where iE  is the amplitude of (the electric component of) the incident 

wave, rE  the amplitude of the reflected wave, 
c

nk 1
1

, and 
1

0
1 n

ZZ . The 

wave electric and magnetic fields in the region 0Z  take the form 
)cos(),( 2 zktEtzE tx ,      (4.224) 

)cos(1),( 2zktE
Z

tzH ty
,     (4.225) 

where tE  is the amplitude of the transmitted wave 
c

nk 2
2

, and 

2

0
2 n

ZZ . According to standard electromagnetic theory, the appropriate 

matching conditions at the interface ( 0Z ) are that xE  and yH  are both 

continuous. Thus, continuity of xE  yields 

tri EEE ,    (4.226) 
whereas continuity of 

yH  gives 

tri EnEEn 21 )( ,      (4.227) 

because n
Z
1 . It follows that 
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The coefficient of reflection, R , is defined as the ratio of the reflected 
to the incident energy flux, so that 
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Likewise, the coefficient of transmission, T ,  is  the  ratio  of  the  
transmitted to the incident energy flux, so that 
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It  can  be  seen,  first  of  all,  that  if  21 nn  then 0rE  and 
it EE . In 

other words, if the two media have the same indices of refraction then there 
is no reflection at the interface between them, and the transmitted wave is 
consequently equal in amplitude to the incident wave. On the other hand, if 

21 nn  then there is always some reflection at the interface. Indeed, the 
amplitude of the reflected wave is roughly proportional to the difference 
between 1n  and 2n . This has important practical consequences. We can 
only  see  a  clean  pane  of  glass  in  a  window  because  some  of  the  light  
incident on an air/glass interface is reflected, as a consequence of the 
different refractive indices of air and glass. As is well-known, it is a lot 
more difficult to see glass when it is submerged in water. This is because 
the refractive indices of glass and water are quite similar, and so there is 
very little reflection of light incident on a water/glass interface. 

When 0
i

r

E
E  when 12 nn . The negative sign indicates a  radian 

phase shift of the (electric component of the) reflected wave, with respect to 
the incident wave. 

We conclude that there is a  radian phase shift of the reflected wave, 
relative to the incident wave, on reflection from an interface with a medium 
of greater refractive index. Conversely, there is zero phase shift on 
reflection from an interface with a medium of lesser refractive index. 
 

4.4.3 Doppler Effect 
Consider a sinusoidal wave of angular frequency  and wavenumber 

k  that is propagating in the x  -direction. We can write represent the 
wave in terms of a wave function of the form 

)cos(),( 0 kxttx .   (4.232) 
The wavelength and frequency of the wave, as seen by a stationary 

observer, are 
k

2  and 
2

f , respectively. Consider a second 

observer moving with uniform speed 0u  in the x  -direction. 
What are the wavelength and frequency of the wave seen by the latter 

observer? Assuming non-relativistic motion, the x  -coordinate in the 
moving observer's frame of reference is given by the standard Gallilean 
transformation formula tuxx 0`  (Rindler 1997). Both observers 
measure the same time. Hence, in the second observer's frame of reference, 
the wavefunction is written 
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`)`cos()`,( 0 kxttx ,   (4.233) 
Where 

0` ku .    (4.234) 

Here, we have replaced x  by tuxx 0`  in Equation (4.232). Thus, 
the moving observer sees a wave possessing the same wavelength ( i.e., the 
same k ) but a different frequency (i.e., a different ) to that seen by the 
stationary observer. This phenomenon is known as the Doppler effect. 

If f  is the wave frequency (in hertz) seen by the stationary observer 
then the wave frequency seen by the moving observer is 

fuf 01`  ,    (4.235) 

where 
k

 is the characteristic wave speed. Thus, an observer 

moving  in  the  same  direction  as  a  wave  sees  a  lower  frequency  than  a  
stationary observer. On the other hand, an observer moving in the opposite 
direction to a wave sees a higher frequency than a stationary observer. 
Hence,  the  general  Doppler  shift  formula  (for  a  moving  observer  and  a  
stationary wave source) is 

fuf 01` ,     (4.236) 

where  the  upper/lower  signs  correspond to  the  observer  moving in  the  
same/opposite direction to the wave. 

Consider a stationary observer measuring a wave emitted by a source 
that is moving towards the observer with speed su . Let  be the 
characteristic propagation speed of the wave. Consider two neighboring 
wave crests emitted by the source. Suppose that the first is emitted at time 

0t , and the second at time Tt , where 
f

T 1  is  the  wave period  in  

the frame of reference of the source. At time t  ,  the  first  wave  crest  has  
traveled a distance td1  towards the observer, whereas the second wave 
crest has traveled a distance TuTtd s)(2  (measured  from  the  

position of the source at 0t ). Here, we have taken into account the fact 
that the source is a distance Tus  closer to the observer when the second 

wave crest is emitted. The effective wavelength, `, seen by the observer is 
the distance between neighboring wave crests. Hence, 
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Tudd s )(` 21 .  (4.237) 

where f  is the wave frequency in the frame of reference of the source. 
We  conclude  that  if  the  source  is  moving  towards  the  observer  then  the  
wave frequency is shifted upwards. Likewise, if the source is moving away 
from the observer then the frequency is shifted downwards. 

This manifestation of the Doppler effect is familiar from everyday 
experience. When an ambulance passes us on the street, its siren has a 
higher pitch (i.e., a high frequency) when it is coming towards us than when 
it is moving away from us. In fact, the oscillation frequency of the siren 
never  changes.  It  is  the  Doppler  shift  induced  by  the  motion  of  the  siren  
with respect to a stationary listener that causes the frequency change. 

The general formula for the shift in wave frequency induced by relative 
motion of an observer and a source is 

fu
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1
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0 ,    (4.238) 

where 0u  is the speed of the observer, and su  is the speed of the source 
(both measured relative to the wave medium). The upper/lower signs 
correspond to relative motion by which the observer and the source move 
apart/together. If the observer and source are not moving directly toward or 
directly away from one another then the quantities 0u  and su  in the above 
formulae correspond to the components of the observer and source 
velocities, respectively, along the straight-line that instantaneously joins 
them. 

An important proviso to the previous formula is that it is strictly 
classical, and only holds for non-relativistic motion (i.e., 0u , cus , 
where c  is the velocity of light in vacuum.) In fact,  when applied to light 
propagation in a vacuum, the formula is only accurate up to first-order in 

cu /0  and cus /  (Rindler 1997). In other words, for light propagation the 
previous equation reduces to 

,01` 2

2

f
c
u

c
uf     (4.239) 

where u  is the relative radial velocity of the source with respect to the 
observer (being positive when the source and observer are moving apart, 
and vice versa). 
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Probably the most well-known 
use of the Doppler effect in 
everyday life is in police speed 
traps. In such a trap, a policeman 
fires radar waves (i.e., 
electromagnetic waves of centimeter 
wavelength) of fixed frequency at an 
oncoming car. These waves reflect 
off the car, which effectively 
becomes a moving source. Hence, 
by measuring the frequency increase 
of the reflected waves, the 
policeman can determine the car's 
speed. 

 
Doppler radar. The first use of radar was by Britain during World War 

II: antennas on the ground sent radio waves up into the sky, and detected the 
echoes when the waves were reflected from German planes. Later, air 
forces wanted to mount radar antennas on airplanes, but then there was a 
problem, because if an airplane wanted to detect another airplane at a lower 
altitude, it would have to aim its radio waves downward, and then it would 
get echoes from the ground. The solution was the invention of Doppler 
radar (Figure 4.31), in which echoes from the ground were differentiated 
from echoes from other aircraft according to their Doppler shifts. A similar 
technology is used by meteorologists to map out rainclouds without being 
swamped by reflections from the ground, trees, and buildings.  

 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

Figure 4.31 



 193 

Chapter 5 WAVE OPTICS 
 

5.1 INTERFERENCE OF LIGHT 
5.1.1 The coherence and monochromatic light waves 
Let the two waves of the same frequency, superimposed on each other, 

excited at some point in space vibrations of the same direction: 
1101111 cos)cos( AkStA ,     (5.1) 

2202222 cos)cos( AkStA ,    (5.2) 

21 .    (5.3) 
The amplitude of the resulting oscillation at a given point is given by 

)]()(cos[2 10201221
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2 SSkAAAAA , (5.4) 
Initial phase 

2211
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coscos
sinsin

AA
AAtg .    (5.5) 

If the phase difference 01020  of the excited oscillations 
remains constant over time, the waves are called coherent. 
The quantity 12 SS  is called the optical path difference and is equal 
to the the difference optical length 

12 SS . Optical length S  of the wave is 
the product of a geometric path to the refractive index n: 

nlS , 
n ,     (5.6) 

ph
ph

cn
n
c .    (5.7) 

where n - refractive index shows how many times the speed of light in a 
vacuum (the speed of light c = 3 108 m/s), more than the speed of light in a 
given medium – ph  - the phase velocity. 

The intensity of the wave I  is proportional to the square of the 
amplitude 2~ AI , hence 

)cos(2 2121 kIIIII ,  (5.8) 
because const  for coherent waves, depending on the difference 

optical path  at some points will light amplification, and in others - it 
weakening. 

If 21 II , then 

1max 4II ,     (5.9) 
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0minI ,     (5.10) 
i.e will be a redistribution of intensity (energy) waves in space. 
Redistribution of light flux in space, in which at some points there are 

maximums and minimums in other intensity is called interference. 
A necessary condition for the interference of waves is their coherence. 

However, due to the transverse electromagnetic waves their coherence 
condition is not sufficient to produce an interference pattern. 

Necessary, in coherence to vibrations vectors E  of electromagnetic 
fields, the interfering waves occurred along the same or a similar direction, 
ie requires that the interfering waves propagating in the same direction and 

the plane E  of the waves were close. 
Coherent are monochromatic waves - unlimited in space of one 

specific wavelength and strictly constant frequency. Because no real power 
does not strictly monochromatic light, the waves emitted by any source of 
light other than a laser, are incoherent. Therefore, the experiment did not 
observe the interference of light from independent sources of light, such as 
the two bulbs. 

 
5.1.2 The interference of light in thin plane-plates 
Consider a plane-parallel glass (or transparent) plate n = 1.5, thickness b 

(temporal coherence condition will be satisfied if 
0

2
0

4
b ,  that  is  for 

m7
0 105  and î

À20  and mb 8106 ). The plate is at an angle i  

plane E  monochromatic wave. The plate is in the air 1airn . 

The incident wave is partially reflected ( 5°) from the upper surface of 

the plate (beam 1) and partially refracted (beam AO). Refracted wave, 
reaching the bottom of the plate, and partially reflected (ray ), and 
partially refracted (beam 2'). The same thing happens on the upper surface 
of the plate at the point with the ray , and the refracted wave (beam 2) is 
superimposed to the wave directly reflected from the top surface (beam 1). 
These two waves are coherent. The result of the interference depends on the 

 - optical path difference. 
The path difference acquired by the beams 1 and 2 (Figure 5.1) before 

they meet in that C is 
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12 SnS ,    (5.11) 

 
Figure 5.1 

 

121 sin2 ibtgiBCS ,   (5.12) 
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In geometrical optics, we know the law of refraction 
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of trigonometry 
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In calculating the phase difference  between oscillations in the 
beams 1 and 2 need besides the optical path difference  into account the 
phase change on reflection in p. A. Since  in  p.  A that there is a reflection 
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from the interface between the optically less dense medium to an optically 
denser medium ( 12 nn , because 1glassn ), the phase of the wave changes 
in A on . In that reflection occurs on the boundary between the media, the 
optically denser medium to an optically less dense, so that the phase change 
in p. O not occurs. 

Thus, the phase change in p. A can be accounted for by adding to  (or 

subtracted from) the half wavelength in a vacuum - 
2

. Then, finally 

2
sin2 0

1
22 inb  - The optical path difference for the interference 

of the reflected beams 1 and 2. 

1
22 sin2 inb  - the optical path difference for the interference of 

passing rays 1'and 2'. 
 

5.2 THE DIFFRACTION OF LIGHT  
5.2.1 The diffraction of light and the conditions for its observation. 

Huygens-Fresnel principle 
If  on  the  way  of  the  light  waves  are  opaque  bodies  or  screens  with  

apertures, then rough observations show that these bodies, form a region of 
shadows. This area may be outlined geometrically, assuming that light 
travels in straight lines, the light rays are straight lines. 

 
Figure 5.2 

 
A more detailed observation shows that the light waves come into the 

geometric shadow, and the border between areas of light and shadow appear 
alternating high and low light, indicating some redistribution of light energy 
at this boundary. This rounding light waves borders opaque bodies to form 
an interference energy redistribution on different areas called diffraction 
waves. (or, a phenomenon that occurs when light in a medium with sharp 
irregularities, called diffraction of light.) 
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Diffraction phenomenon can 
be explained by using the 
Huygens principle: each point of 
the space to which comes a wave 
motion (ie, the wave front) is a 
source of secondary waves, the 
envelope which gives the position 
of the wave front in the next 
moment time. 

In a homogeneous medium 
secondary waves will be of a 
hemisphere, the direction of 
propagation of the secondary 
waves coincides with the direction 
of the primary wave. 

Problem of the distribution of 
energy along the wave front can 
be solved using the Huygens-
Fresnel principle: 
a) Huygens' principle, b) the sources 
of secondary waves are coherent, c) 
dA amplitude oscillations excited at 
p. M secondary sources proportional 
to the ratio of the area dS of  the  
wave surface area S to the 
distance r from it to point M, and 
depends on the angle  between the 
external normal to the wave surface 
and the direction of the element 
dS at M. 

)cos()( 0
0 krt
r
dSaKdE      (5.19) 

)(K  - proportionality factor depending on the angle . 

When 0 , max)(K , at 
2

 0)(K . 

The resulting field in point M is a superposition of waves (5.19), taken 
for the entire wave surface: 

s

krt
r
dSaKE )cos()( 0

0     (5.20)  

– analytical account of the principle of Huygens - Fresnel. 

Figure 5.3 

Figure 5.4 
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5.2.2 Fraunhofer diffraction on a single slit 
Fraunhofer diffraction (Figure 5.5) (or diffraction plane light waves, or 

parallel-ray diffraction) was observed in the case where the light source and 
the observation point is infinitely removed from the constraints of 
diffraction. 
l- length, b  - width. The path difference between the beams 1 and 2 in the 
direction  

sinbNF . (5.21) 
We divide the wave surface 
at the site MN gap on the 
Fresnel zone, having a 
form of bands parallel to 
the  edge  of  the  M  slots.  
The  width  of  each  band  is  
selected to the path 
difference from the edges 
of  these  zones  is  equal  to  

2/ , i.e, in all on slit  
width go in )2//(  
zones. Because light is 
normally incident on the 
slit, the slit plane coincides 
with the wave front, so that 

all points in the plane of the front slot will vary in phase. 
The amplitudes of the secondary waves in the plane of the slit will be 

equal, as the selected Fresnel zone have the same size and equally inclined 
to the direction of observation. 

Number of Fresnel zones )2//(  fit the width of the gap depends on 
the angle . 

Minimum condition for Fresnel diffraction: 
If an even number of Fresnel zones 

m2
2/

,      (5.22) 

or 

...3,2,1,
2

2sin mmb   (5.23) 

then in p. P is observed diffraction minimum. 
Maximum condition: 

If an odd number of Fresnel zones 

Figure 5.5 
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)12(
2/

m ,      (5.24) 

...3,2,1,
2

)12(sin mmb ,    (5.25) 

is observed diffraction maximum. 
When 0,0`  in  the  gap fits  one  Fresnel  zone  and,  therefore,  in  

point P the main (center) a maximum of zero order. 
The main part of the light energy is concentrated in the main maximum: 

m = 0:1:2:3 ...; I = 1: 0.047: 0.017: 0.0083 ... (m-high order; I-intensity). 
The  narrowing  gap  leads  to  a  broadening  of  the  main  peak  and  a  

decrease in its brightness (the same with the other peaks). With the 
broadening of the gap ( b ) peaks will be brighter, but the diffraction 
bands are narrower, and the number of bands themselves – more. When 
b  in the center of the source image is sharp, ie have the rectilinear 
propagation of light. 

When falling of white light is decomposed into its components. While 
violet light will deviate less blue – more, etc., red – maximum. The main 
maximum in this case will be white. 
 

5.2.3 The diffraction grating 
The diffraction grating is a collection of a large number N of identical 

width and parallel slits separated by opaque intervals, of the same as the 
width. 

 
Figure 5.6 

 
B – width of the gap; 

 – the width of the opaque area; 
d = a + b –period or lattice constant. 

N
d 1 .     (5.26) 

The diffraction pattern on the lattice is defined as the mutual 
interference of the waves coming from all the cracks, ie a diffraction grating 
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is multipath interference. Because slits are separated by the same distance, 
the differences of the rays coming from the two adjacent slots will be for the 
direction  are identical across the entire grating. 

sinsin)( dbaCF .   (5.27) 
In areas in which there is a minimum of one slit, and minimums will be 

in the case of N slots, ie the condition of the primary minimum of the 
diffraction grating is analogous to the condition for the minimum gap: 

...3,2,1,
2

sin mmb    (5.28) 

- the condition of the primary minimum. 
The maximum condition: the cases , which satisfy the maximum for 

the single slit can be either maxima or minima, as it all depends on the path 
difference between the beams. The condition of the main maxima: 

...3,2,1,0,
2

sin kkd    (5.29) 

These peaks are located symmetrically relative to the center (zero 
0k ) maximum. 

For those angles ,  which  is  performed  at  the  same  time  (5.28)  and  
(5.29) the maximum will not, and will be a minimum (eg, bd 2  for  all  
even ...3,2,1,2 ppk ). Between the main peaks are additional very 
weak peaks, the intensity of which is much less than that of the main peaks 
(1/22 the intensity of the nearest main maximum). Additional peaks is N – 
2, where N – number of strokes. 

Additional maxima condition: 

...3,2,1`,1
2

)1`2(sin k
N

kd  (5.30) 

...12,2,12,1,,1` NNNNNNk  
Between the main peak will be located (N – 1) additional minima. 

Additional minimum condition: 

...3,2,1`,`sin m
N

md   (5.31) 

...3,2,,,0` NNNNm  
Thus, the diffraction pattern, at the diffraction on grating depends on N 

and the ratio d/b. 
Let N = 5, d/b =4. Then the number of major peaks 

( 1sin ) /max dk . Between them on the 32N  additional maxima 
and 41N  additional minimum. 
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When ...8,4,2// bdmk  -  the  main  maxima  will  not,  and  will  be  
the primary minimum. 

Thus, the diffraction pattern with diffraction on grating will be: 

 
Figure 5.7 

 
If the the diffraction grating light up a monochromatic white light, the 

image will be shown in Figure 5.7. If illuminated with white light, all peaks 
except center ( 0k ) decompose in the range – a set of component colors, 
and purple lines are closer to the center and red on (because r  then 

r ) Figure 5.8. 
 

 
Figure 5.8. 

5.3 Polarized light 
The emission of a photon of light is due to the transition of an electron 

from the excited state to the ground. The electromagnetic waves emitted by 
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this transition is transverse, that is a vector E  and H  are mutually 
perpendicular and perpendicular to the direction of propagation. 
Oscillations of the vector E  in the same plane. Light, in which vector E  
oscillates in one direction is called a plane-polarized light (or 
electromagnetic wave). Called polarized light,  in  which  the  direction  of  
oscillation of the vector E  are ordered in some way. 

Light is electromagnetic radiation of the total set of atoms. Atoms emit 
light waves independently of each other, so the light wave emitted by the 
body as a whole, is characterized by all sorts of vibrations of the light vector 
E  equally. Light with all kinds of equally probable orientations vector E  is 
natural. Light, which has a preferred direction of oscillation of the vector 
E  and small amplitude oscillations of the vector E  in the other direction is 
a partially polarized. In plane polarized light plane that varies vector E , 
called the plane ofpolarization, plane, which varies vector H ,  called  the  
plane of oscillation. 

Vector E  is a light vector, because the action of light on the matter of 
primary importance is the electric component of the wave field acting on the 
electrons in the atoms of the substance. 

The polarization of light refers to the direction of the electric field vector 
E  of the wave. There are three options for E : 

(1) its direction and amplitude remains fixed in space - linear 
polarization, 

(2) its direction rotates at angular frequency  about the direction of 
propagation and the amplitude remains constant - circular polarization. 

(3)  its direction rotates at angular frequency  and its amplitude 
varies between a maximum and minimum during each complete rotation - 
elliptical polarization. 

For propagation in the x- direction the vector E  may be resolved into 
two orthogonal components yE  and zE . Each of the three polarization 
states is thus characterised by a fixed phase relationship between these 
components. If the phase is randomly varying the light is said to be 
unpolarized. 

Polarization states 
An electromagnetic wave travelling in the positive x direction has an 

electric field E  with components yE  and zE . 

jtkxEE yy )cos(0 ,  (5.32) 

ktkxEE zz )cos(0 ,    (5.33) 
where  is a relative phase. The light is polarized when  is a constant. 
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Figure 5.9 Electric field vector in light wave has components zE0  and yE0  in plane 

orthogonal to propagation direction along x-axis 
 
Case 1: Linearly polarized light, 0 . 
The components are in phase. The resultant is a vector pE : 

)cos(00 tkxkEjEE zyp ,   (5.34) 
at a fixed angle  to the y-axis 

oy

oz

E
Etg .      (5.35) 

Case 2: Circularly polarized light, 
2

. 

Consider 
2

 and 

oozoy EEE  

jtkxEEy )cos(0 ,  (5.36) 

ktkxEEz )sin(0 ,  (5.37) 

)(
)cos(
)sin( tkxtg

tkx
tkxtg . (5.38) 

The tip of the E-vector rotates at 
angular frequency  at any position x 
on the axis, and rotates by 2  for every 
distance  along the x-axis. What is the 
direction of rotation? Consider position 

0xx  and time 0t . 

)cos( 00 kxEEy ,     (5.39) 

)sin( 00 kxEEz .      (5.40) 
The vector is at some angle . 

Figure 5.10 Circularly polarized light 
propagating in the positive x-direction 
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At position 0xx  and time /0kxt  

0EEy , 0zE .    (5.41) 

The E -vector has rotated clockwise as viewed back towards the source. 
See figure 5.11. This is Right Circularly Polarized light (

2
). Right 

circularly polarized light advances like a Left-handed screw! 
 

 
Figure 5.11 Direction of circular polarization is determined by looking back 

towards the source. (a) and (b) show E -vector at a point 0xx  at time 0t , and 

a later time /0kxt . In this case the E -vector has rotated clockwise and is 
denoted Right Circularly Polarized 

 

Conversely, 
2

 is Left Circularly Polarized light: viewed towards 

the source the E -vector rotates anti-
clockwise. Thus the E  -vector for right and 
left circular polarization is written: 

ktkxjtkxEER )sin()[cos(0 , (5.42) 

ktkxjtkxEEL )sin()[cos(0 , (5.43) 
Note that a linear superposition of RE  

and LE  and gives linear or plane polarized 
light. 

jtkxEEEE LRp )cos(2 0 , (5.44) 
If the components are of unequal 

amplitude then the resultant traces out an 
ellipse i.e the light is elliptically polarized. 

Figure 5.12 
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Figure 5.13 A superposition of right- and left-circularly polarized components of 

unequal magnitude gives elliptically polarized light 
 
Case 3: Elliptically polarized light. 
In general there is a relative phase  between y and z components:  

)cos(0 tkxEE yy ,   (5.45) 

)cos(0 tkxEE zz .   (5.46) 
Writing 

]sin)sin(cos)[cos(0 tkxtkxEE zz    (5.47) 
Substitute in (5.47) using 

,)cos(
0 y

y

E
E

tkx  and 
2/12

0

1)sin(
y

y

E
E

tkx ,  (5.48) 

we obtain: 

2

00
2
0

2

2
0

2

sincos2
z

z

y

y

z

z

y

y

E
E

E
E

E
E

E
E .     (5.49) 

So for  

2
, 12

0

2

2
0

2

z

z

y

y

E
E

E
E .    (5.50) 

This is the equation for an ellipse with 
yE0
, 

zE0
 as the major/minor axes, 

i.e. the ellipse is disposed symmetrically about the y / z axes. 

For 
2

 the axes of symmetry of the ellipse are rotated relative to 

the y / z axes by an angle  

.cos22 2
0

2
0

00

zy

zy

EE
EE

tg    (5.51) 



 206 

 
Figure 5.14 Elliptically polarized light (a) axes aligned with y, z axes, (b) with axes 

at angle  relative to y, z axes 
 
As  varies from 200  the polarization varies from linear to 

elliptical and back to linear. Thus we may transform te of pol the sta 
arization between linear and elliptical or vice-versa by altering the relative 
phase of the two components. This can be done using a material that has 
different refractive index for two different directions of polarization i.e. a 
birefringent material. 

 
Figure 5.15 General elliptical state of polarization for different values of 

relative phase  between the components 
 
Most simply polarized light can be obtained from natural light by 

reflection of light waves from the boundary between two dielectrics. 
If natural light is incident on the boundary between two dielectrics (eg, 

air-to-glass), then part of it is reflected and part is refracted and propagates 
in the second medium. 

Brewster's law: 
At an angle of incidence equal to the Brewster angle Br: 1. reflected 

from the boundary between two dielectric beam is completely polarized in 
the plane perpendicular to the plane of incidence, 2. the degree of 
polarization of the refracted beam reaches a maximum value less than unity, 
3. refracted ray is partially polarized in the plane of incidence, 4. the angle 
between the reflected and refracted rays is equal to 90°; 4. Brewster angle is 
equal to the tangent of the relative refractive index 

1

2
21 n

nntgiBr
    (5.52) 
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-Brewster's law. 

 
Figure 5.16 

 
12n  - the refractive index of the second medium with respect to the first. 

The angle of incidence (reflection) - the angle between the incident 
(reflected) ray and the normal to the surface. The plane of incidence - the 
plane through the incident ray and the normal to the surface. 

The degree of polarization of the refracted light can be significantly 
enhanced by repeated refraction of the condition of the light on the 
boundary between at the Brewster angle. If the glass ( 53,1n ) the degree 
of polarization of the refracted beam is  15%, after refraction at 8-10 
overlapping glass plates, the light will be released almost completely 
polarized - ream Stoletov. 

Polarized light can be obtained from a natural with polarizers - 
anisotropic crystals transmit light in only one direction (Iceland spar, quartz, 
tourmaline). 
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Chapter 6 QUANTUM AND ATOMIC PHYSICS 
 
To begin our study of modern physics we have to address an old 

question: “Is light composed of waves or particles? Indeed, experiments on 
interference and diffracton early in the nineteenth century led physicists to 
decide  in  favour  of  the  wave theory.  But  surprises  were  in  store  for  them,  
beginning with a revolutionary new interpretation of the process of radiaton 
by a black body. (An ideal system that absorbs all incoming radiation is 
called a blackbody). 

In this unit we will deal with some of the changes that occurred during 
the transition to Modern Physics. We shall introduce you to new 
experimental knowledge and to new theories about the atom and its 
constituent particles, about radiations, and about physical systems 
containing these things.  

The ideas of physics you have already encountered generally apply in 
modern physics, but many of them must be reinterpreted . We shall still use 
the principles of conservation of energy and momentum, for example, and 
the concepts of velocity, mass, position and time. However, our literal 
everyday interpretation of these concepts often fails as in the atomic world. 

 
6.1 THE PHOTON AND THE ATOM 
6.1.1 Blackbody Radiation and the Quantum Theory 
A major surprise to physicists at the end of the nineteenth century 

concerned the distribution of wavelength’s emitted by a blackbody. As you 
know, most objects absorb some incoming radiation and reflect the rest. An 
ideal system that absorbs all the incoming radiation is called a blackbody. 

 
a)                                        b)  

Figure 6.1 
 
Physicists study blackbody radiation by observing a hollow object with 

a  small  opening  as  shown  in  figure  6.1,a.  The  system  is  a  good  
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approximation to a blackbody because it traps radiation. The light emitted 
by the small opening is in equilibrium with the walls of the object because it 
has been absorbed and re-emitted many times. 

Figure 6.1,b shows the intensity of blackbody radiation at three dfferent 
temperatures. You can see that as the temperature increases, the total energy 
emitted by the body (the area under the curve) also increases. In addition, as the 
temperature increases, the peak of the distribution shifts to shorter wavelengths. 

Scientist could not account for this experimental results with classical 
physics. Figure 6.2 compares an experimental plot of the blackbody 
radiation spectrum with the theoretical picture of what this curve should 
look like based on classical theories. 

 
Figure 6.2 

 
Classical theory predicts that as the wavelength approaches zero, the 

amount of energy being radiated should become infinte. This is contrary to 
the experimental data, which show that as the wavelength approaches zero, 
the amount of energy being radiated also approaches zero. This 
contradiction is often referred to as the ultraviolet catastrophe because the 
disagreement occurs at the ultraviolet end of the spectrum. 

In 1900, Max Planck (1858 – 1947) developed a formula for blackbody 
radiation that was in complete agreement with experiment data at all 
wavelenghts. 

Planck proposed that blackbody radiation was produced by 
submicroscopic electric oscillators, which he called resonators. He assumed 
that the walls of a glowing cavity were composed of billions of these 
resonators, all vibrating at different frequencies.While most scienctist 
naturally assumed that the energy of these resonators was continuous, 
Planck made the radical assumption that these resonators could only absorb 
and then re-emit certain discrete amounts of energy. With this method, 
planck found that the total energy of a resonator with frequency  is  an  
integral multiple of h  , as follows 
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nhE      (6.1) 
where n is a positive integer called a quantum number, and the factor h 

is planck’s constant. 
Because the energy of each resonator comes in discrete units, it is said to 

be quantized, and the allowed energy states are called quantum states or 
energy levels. With the assumption that energy is quantized, planck was 
able to derive the curve shown in Figure 6.2. 

According to planck’s theory, the resonators absorb or emit energy in 
discrete units of light energy called quanta (now called photons) by “jumping” 
from one quantum state to another adjacent state. It follows from Eq. 6.1 that if 
the quantum number, n changes by one unit, the amount of energy radiated 
changes by h . Hence, the energy of a light quantum, which corresponds to 
the energy difference between two adjacent levels, is given by. 

hE           (6.2) 
A resonator will radiate or absorb energy only when it changes quantum 

states. If a resonator remains in one quantum state, no energy is absorbed or 
emitted. 

 
6.1.2 Photon Energy, Momentum and Wavelength 
A beam of electromagnetic radiation, considered as an electromagnetic 

wave, is characterised by its frequency,  or  its  wavelength   wich  are  
related by 

c           (6.3) 

The same beam, considered as a stream of photons, is characterised by 
the energy E or the momentum p of the individual photons. A photon has no 
mass and travels at a speed, c = 3.00 x 108 ms -1. Its energy and momentum 
are related by 

cpE             (6.4) 
The vital connecting link between these two descriptions of the same 

beam  of  radiation,  proposed  by  Einstein,  is  that  the  photon  energy  E  is  
proportional to the freqeuncy f of the electromagnetic wave. 

hE                          (6.5) 
The constant of proportionality h is the planck’s constant. 
Electromagnetic radiation can be classified according to the energy of its 

photons, or the wavelength, or the frequency, whichever is most convenient. 

For example, from c ,  Eq. 6.5 can be written to show the relationsgip 

between photon energy E and wavelength. 
cpE              (6.6) 
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Photon energies are usually specified in electrovolts, and wavelengths in 
angstrom unit. Inserting the numerical values of h and c and the required 
conversion factors, we write Eq. 6.6 in a form which is convenient for 
calculations: 

0
3 .104.12 eVAE     (6.7) 

which gives the photon energy E in electrovolts when the wavelength  
is in angstrom units. 

Example 
Find the energy of the photons in a beam whose wavelength is: 
(a) 6.2 x 103 A0 ( orange light)  
(b) 4.13 x 103 A0 ( violet light) 
Solution 
(a) A photon beam of  arange  light  has  an  energy which  is,  from Eq.  

3.7 

eV
A

eVAE 0.2
102.6

.104.12
0

3

0
3

 

(b) A photon of the beam of violet light has an energy 
E = 12.4 x 103 A0 eV = 3.0 eV 
4.13 x 103 A0 

 
6.1.3 The Nuclear Atom 
The model  of  the  atom in  the  days  of  Newton was  that  of  a  tiny,  hard  

indestructible sphere. This model was a good basis for the kinetic theory of 
gases. However, new models had to be devised when experiments revealed 
the electrical nature of atoms. The discovery of the electron in 1897 
prompted J.J. Thomson (1856 – 1940) to suggest a new model of the atom. 
In Thomson’s model, electrons are embedded in a sperical volume of 
positve charge like seeds in a watermelon, as shown in Figure 6.3. 

 
Figure 6.3 

 

In 1911 a “ planetary model”, in which the electrons revolve like planets 
round a small, massive, positively charged nucleus resulted from 
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Rutherford’s experiments on the scattering of  -particles by gold or 
platinum foil. 

The nucleus is now believed to consist of protons of mass 1 and charge 
+ 1e, and neutrons of mass 1 and charge 0. Surrounding the nucleus are 
planetary electrons of mass 1/1840 and charge - 1e. The constitutions of the 
three lightest elements are as follows: 

Table 3 

 Nucleus Planetary 
electrons 

Hydrogen Charge 1 mass (1 proton) 1 
Helium Charge 2 mass 4 (2 protons and 2 

neutrons) 
2 

Lithium Charge 3 mass 7 (3 protons and 4 
neutrons) 

3 

 
The atoms of the remainder of the elements are built up in a similar way. 

The atomic number gives the charge on the nucleus and also the number of 
planetary electrons; the atomic mass minus the atomic number gives the 
number of neutrons in the nucleus. 

 
6.1.4 The Bohr Atom 
The difficulty with Ruthford’s model atom is that, according to the laws 

of classical physics, it cannot exist. The electrons rotating round the nucleus 
must have an acceleration towards the nucleus and consequently should 
radiate energy continuously, spiralling towards the nucleus to provide the 
energy. 

 

 
Figure 6.4 
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In 1913 Niels Bohr applied the quantum theory to the nuclear atom. 
Bohr assumed that the planetary electrons in an atom can exist only in a 
limited number of stable orbits or stationsary states having definite amount 
of energy but not emitting radiation, and that radiation occurs only when an 
electron jumps from one stable orbit to another. He assumed 

12 EEh     (6.8) 
Where is the frequency of the energy radaited when the electron jumpls 

from orbit of energy E2 to one of energy E1 

 
Figure 6.5 

 
The hydrogen atom consists of a single electron of charge – e revolving 

round a nucleus of charge +e. Suppose the electron has a mass m, that it 
revolves in a circle, and that when the radius of its orbit is r its velocity is  
(Figure 6.5). The electrostatic altraction between the nucleus and the 
electron must equal the centrifugal force; thus 

r
m

r
e 2

2
0

2

4
    (6.9) 

At  this  point  Bohr  made  a  further  assumption  which  seems  purely  
arbitrary; on the new wave mechanics, however, its meaning becomes more 
understandable. He assumed that the angular momentum of the electron, 

rm , is always an exact multiple of h/2 ; thus 

2
nhrm ,     (6.10) 

when n is an integer called the quantum number. The angular 
momentum is then said to be quantized. 

The  next  step  is  to  find  the  energy  of  the  electron  on  its  orbit.  The  
potential energy of the electron is the work done in bringing it from infinity 
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to its orbit and this is – (
0

2

4 r
e ); the negative sign indicates that work is 

done by the electron as it approaches the oppositely charged nucleus. The 
kinetic energy of the electron is rm  and  from  Eq.  6.9  this  is  equal  to  

(
2
1

0

2

4 r
e ). 

 Total energy of electcon = 

r
e

r
e

r
eepek

0

2

0

2

0

2

42
1

442
1..  

Form Eq. 6.9 

0

2
2

4
erm .    (6.11) 

Squaring Eq. 6.10 

2

22
222

4
hnrm .    (6.12) 

Dividing 6.12 by 6.11, 
me

hnr 2
0

22
  

Energy of electron  

2
0

22

4

0

2

842
1

hn
mee ,   ( 6.13) 

2
2

2
1

2
0

2

4

12
11

8 nnh
meEEh ,    (6.14) 

2
2

2
1

2
0

3

4 11
8 nnh

me . 

In 1884 Balmer, a swiss schoolmaster, had discovered a formula 
representin the series of visible spectral lines of hydrogen. The formula can 
be written in the form 

22

1
2
1

m
R ,    (6.15) 

where m is an integer greater than 2. The value R, called the Ry dberg 
constant, was known from the measured frequencies of the spectral lines. 
Bohr was able to calculate the value of the constant corresponding to R in 

his formular , i.e 
2
0

3

4

8h
me , from the known values of e, m and h. The 

agreement was perfect within the limits of experimental error. 
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Figure 6.6 

 
Bohr explained the emission of the visible spectral lines of hydrogen as 

due to electrons jumping from outer orbits to the second orbit (Figure 6.6). 
Other spectral series for hydrogen were also known, the Lyman series in the 
ultraviolet, the Paschen and the brackett series in the infra-red. These are 
due to electrons jumping into the first, third and fourth orbits respectively. 

In the normal condition of the hydrogen atom the electron is in its innermost 
orbit, for which n =  1.  As  a  result  of  collision,  say  in  a  discharge  tube  the  
electron may be knocked into orbits for which n = 2 or 3, etc; the atom is then 
said to be excited. The electron will jump back to the innermost orbit, possibly 
in one jump or in stages, given out the appropriate radiation. If the electron is 
completely removed the atom is said to be ionized. 

When an atom emits a photon, the law of conservation of energy implies 
that the enrgy of the atom must change from an initial value Eu (the subscript u 
denotes the upper energy level, as in Figure 6.7) to a lower value E  such that 

EEE uphoton     (6.16) 
 

 
Figure 6.7 
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This “Bohr frequency condition” determines the photon frequency , 
since hE photon . The empirically determined sequence of terms, whose 
differences determine the frequencies in the hydrogen atom spectrum, must then 
be proportional to the possible values of the energy of the hydrogen atom. These 
energies called the energy levels of the hydrogen atom, are given by (see Eq. 6.13) 

22

19 6.13108.21
n

eVJ
n

En
.        (6.17) 

where n is the number of the level, or the principle quantum number. 
That is E1 = -13.6 eV, E2 = -3.40eV, E3 = - 1.51eV, and so on, as shown in 
Figure 6.8. 

For example, a hydrogen atom can exist for a shortwhile (10 -8s) in a 
state with energy E3 = - 1.51 eV. If after the emissin of a photon, the atom is 
left in the state with the lower energy, E2 =  -  3.40  eV  (Figure  6.8),  the  
photon emitted must have an energy, according to Eq. 6.16, given by 

eVeVeVEEEphoton 89.1)40.3()51.1(23
 

The wavelength of this photon is 
0

3

0
3

1056.6
89.1

.104.12 A
eV

eVA
E
hc . 

)101,106.11,103,.1063.6( 10
0

191834 mAJeVmscsJh . 
 

 
Figure 6.8 

 
The novel idea thus advanced by Bohr is that the energy of the hydrogen 

atom (and infact, all atoms molecules, and any bound system) can have only 
certain discrete values (instead of a continous range of values) in its bound 
states. That is, there exist discrete energy levels. 

The lowest of these energy levels is called the ground state, and all the 
higher levels are called excited states. The value E = 0 is the energy when 
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the electron and the proton are completely separated and at rest. Since this 
energy level is 13.6 eV above the ground state, we see that 13.6 eV must be 
supplied to a hydrogen atom in its ground state in order to remove the 
electron, that is, to ionize the atom. In other words, the binding energy of a 
hydrogen atom against separation into a proton and an electron is 13.6 eV. 

When the electron and proton are separated, they can have any amount 
of kinetic energy. Corresponding to these states, which are not bound states, 
the energy level diagram (Figure 6.8) shows a continous range of possible 
values of the energy of the electron proton system. 

When an atom gives off energy it passes from an upper to a lower energy 
level. If an atom absorbs energy it passes from a lower to a higher level (Figure 
6.6). For the absorption of a photon, the Bohr frequency condition still applies, 
but now the lower energy  is the initial energy of the atom. 

 
6.1.5 X-rays. X-ray Spectra 
X-rays are a form of electromagnetic radiation having short wavelengths 

and high frequencies, about 1018 – 1019 Hz. 
Their production can be explained using the energy levels theory, since 

X-rays are produced by streams of high-energy electrons in collision with 
atoms of high atomic number, such as tangsten or molybdenum. 

X-rays are produced, by two distinct processes when the electron hit a 
metal target. 

1) The electrons suddenly lose energy when they collide with the target 
nuclei. A large percentage of the energy is converted into heat, but some is 
converted into X-ray photons. Each electron gains the same energy from 
being accelerated by the tube voltage, but varying fractions of this energy 
are converted into photons. As usual, the energy of the photon created h . 
The maximum frequency (minimum wavelength) will be produced when all 
the  energy  gained  by  an  electron  is  converted  into  a  photon.  A  continous  
range of smaller frequencies (greater wavelengths) is created by smaller 
fractions of the electrons energies being converted into photons. This 
continous X-ray spectrum is typical of the tube voltage but independent of 
the target material. 

2) The electron gives some of its energy to an electron in a target atom. 
The electron in the atom ‘jumps’up to a higher level and X-rays are emitted 
as the electron falls back to the lower level. The energy h  of the photons 
produced is equal to the energy level difference. The energy of an X-ray 
photon is  very  large,  and so  the  energy levels  involved must  have  a  large  
separation. The frequencies (and wavelength’s) emitted have discrete 
values, which are typical of the target material. This gives rise to the peaks 
in Figure 6.9. 
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Figure 6.9 

 
6.1.6 The X-ray Tube 
Figure 6.9 shows the essentials of the X-rays tube invented by Coolidge 

in 1913. the tube is exhausted as highly as possible so that no discharge 
would pass through it if it were used as a gas tube. The electrons are emitted 
by a tungsten filament C and the rate of their emission, which determines 
the intensity of the X-rays, can be controlled by the heating current through 
the filament. 

 
Figure 6.10 

 
The hardness of the X-rays is controlled separately by the p.d. between A 

and C. Their hardness depends on their frequency and if this is greater the 
faster the speed of the electrons hitting the target. The phenomenon is a kind 
of reverse photoelectric effect and a similar relation holds: 

hVe               (6.18) 
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where V is  the  p.d.  through which  the  electrons  fall,  e = charge of the 
electron, h = Planck’s constant,  = maximum frequency of the X-rays 
emitted. 

As mentioned earlier, only about 1% of the energy of the electrons is 
converted into X-rays. The rest of the energy appears as heat, and hence the 
target  is  made  of  a  metal  of  high  melting  –  point,  such  as  tungsten  or  
molybdenun, embedded in a solid block of copper which is a good thermal 
conductor. 

 
6.1.7 Nature and Properties of X-rays 
X-rays are electromagnetic waves, like light, having the same speed of 

3x 108ms-1, but having a wavelength about a thousand times shorter than 
that of light waves. Their wavelengths range from 0.06 to 100 Angstrom 
units againsts 3,900 to 7,600 Angstroom units of visible light. 

(1) X-rays travel in free space with a speed of 3 x 108ms-1, the same that 
of light. 

(2) They affect a photographic plate much more intensely than light 
because of their very much shorter wavelength. 

(3) They are unaffected by magnetic and electric fields, clearly showing 
that they are not a stream of charged particles. 

(4) Like light, they liberate photoelectrons when allowed to fall on 
certain metals. 

(5) Scattered X-rays show a marked degree of polarization like the 
scattered sky light. 

(6) They undergo reflection, refractions, dispersion and diffraction. 
(7) They  can  ionise  a  gas  (or  air)  through  which  they  are  allowed  to  

pass. 
(8) They cause fluorescence in substances like barium plastinocyanide, 

zinc sulphide and cadmium tun state. 
(9) As a direct consequence of their extemely small wavelenght, they 

can easily pass through matter, opaque to ordinary light, as for example, 
paper, card board, wood, thin sheets of metal and also through human flesh. 
They are, however, absorbed by denser substances, like iron, lead and bones 
(due to their high calcium content) and therefore cast their shadows on 
fluorescent screens or photographic plates. 

Thus if Io and I are the respective intensities of X-rays before and after 
passing through a material of thickness x (where intensity is the amount of 
energy carried in unit time across unit area, perpendicular to the direction of 
flow of enrgy), we have 

mxeII 0 .     (6. 19) 
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Where u is called the linear absorption coefficient of the material and its 
dimensions are therfore, those of reciprocal length. 

 
6.1.8 Uses of X-rays. The usefulness of X-rays is largely due to their 

penetrating power 
Medicine . Radiographs or X-ray photographs are used for a variety of 

purposes. As mentioned earlier, X-rays can pass through flesh but not 
through bones. Therefore, sharp dark shadows of the bony parts of the body 
are obtained against a lighter background on a flourescent screen or a 
photographic plate, if these be interposed in the path of the X-rays. Such X-
ray photographs are called radiographs. Dislocation, fractures and the 
presence of foreign bodies like pins, bullets, etc. inside the human body can 
thus be easily deteted. In radio therapy, periodic X-ray exposures, in 
properly controlled doses, are given for treatment of obstinate skin diseases 
and malignant or cancerous growths or tumours. 

Industry. Casting and welded joints can be inspected for internal 
imperfections using X-rays. A complete machine may also be examined 
from a radiograph without having to be dismantled. 

X-ray crystallography. The study of crystal structure by X-rays is now a 
powerful method of scientific research. The first crystals to be analysed 
were of simple compounds such as sodium chloride but in current years the 
structure of very complex organic molecules has been unravelled. 
 

6.2 RADIOACTIVITY AND THE NUCLEAR ATOM 
6.2.1 Radioactivity and the Nuclear Atom 
In  unit  19  we saw that  the  nucleus  of  the  hydrogen atom consists  of  a  

single particle, called proton, with just a single electron going round it in a 
circular orbit. The mass of a proton is about 1836 times that of an electron 
and it carries a positive charge (+e) equal in magnitude to the negative 
charge (-e) on an electron. The atom is thus electrically neutral, with 
practically the whole of it mass concentrated in the nucleus. In this unit we 
shall consider the structure of the atoms of other elements. In particular, we 
will see that the occurreance of discrete energy levels in a hydrogen atom is 
only a particular instant of a very general phenomenon. The energy of any 
bound system is restricted to certain discrete values which are called the 
energy levels of the system. For instance, the nucleus 60/28Ni has a stable 
ground state and many discrete energy levels corresponding to excited 
states. We will also see that the excited states of an atom are unstable with a 
characteristic mean life . 

The spontaneous of a nucleus is called radioactivity and is classified 
according to the particle emitted in  decay an -particle )( 4

2 eH  is emitted, 
are often referred to as  rays. 
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The protons and neutron both being constituents of the nucleus are 
called nucleons and their total number gives what is called the mass number 
A of the atom. The number of protons in the nucleus (because this is equal 
to the number of electrons) gives the atomic number, Z of the atom. 
Therefore, the number of neutrons in the nucleus, N = A – Z, i.e equal to the 
difference between the mass number and the atomic number of the atom. To 
summarize, 

Atomic number of an atom, Z = number of protons or number of 
electrons in the atom. 

Mass number of an atom, A = number of nucleous in the atom = number 
of protons + number of neutrons in the nuleus. 

Number of neutrons in an atom, N = A –Z = mass number minus atomic 
number. 

Nuclei with identical number of protons ( i.e. with the same value of Z) 
or identical number of neutrons (i.e. the same value of N) belong to the 
same species and a nuclear species is called a nuclide. The notation zXA , 
where X stands  for  the  chemical  symbol  of  the  atom  or  the  element,  the  
subcript A for the mass number and the subscript Z for the atomic number 
of the atom. 

Nuclides with the same atomic number, Z (i.e with the same number of 
protons) are called isotopes; those with the same value of mass number A 
(i.e. with the same number of nucleous) are called isobars and those with 
the same value of N = A-Z (i.e with the same number of neutrons) are called 
isotoes. Thus, for example, 17Cl37 is an isotope of Cl35, because Z = 17. It is 
an isobar of 16S37, because for both A =  37  and  it  is  an  isotope  of  19K39 
because for both N = A-Z = 20 (i.e. 37 – 17 = 39 – 19 = 20). 

 
6.2.2 Atomic Mass Unit 
Hitherto, we have given the masses of protons and neutrons in kilogram. 

It will interest you to learn that the International Union of Pure and Applied 
Physics (IUPAP) decided in 1960 to adopt a new masss scale for the 
measurement of mases in nuclear Physics. It is called the atomic mass scale 
and the  atomic  unit  on  this  scale  (written  as  amu)  is  1  /12  of  the  mass  of  
6C12 , the most abundant and the most stable isotope of carbon. It is always 
preferable to express the masses of atoms on the atomic mass scale rather 
than in kilogram, because it is more suitable for the magnitude of atomic 
masses and is far more accurate, since atomic masses can be determined 
very accurately relative to the carbon atom 6C12. 

Now, since the mass of an atom is equal to its atomic weight divided by 
Avogadro number (6.02 x 1023), we have 

kggamu 27
23 1066.1

1002.6
)122

1(
1  
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which is nearly the mass of a hydrogen atom. 
In accordance with Einstein’s mass energy equation 2

00 cmE , where 

0E  is  the  energy  of  a  resit  mass  0m  (c being the velocity of light in free 
space = 3.0 x 108ms-1). 

Hence Jamu 102827 1049.1)103(1066.11 . 
And since eVJ 110602.1 19 , we have  

MeVeVamu 931
10

1031.91031.9
10602.1

1049.11 6

8
8

19

10
. 

Thus

MeVeVJkgCamu 9311031.91049.11066.1
12
11 8102712

6
. 

The atomic mass scale is also referred to as the isotropic mass scale and 
hence the mass of an atom in amu is its isotropic mas. 
 

6.2.3 Nuclear Binding Energy 
The mass, M of an atom can be determined directly by the mass 

spectrograph. ( Here M stands for the mass in kg of an individual atom). 
The  mass  that  an  atom  ought  to  have  as  an  assembly  of  neutrons  and  

protons and electrons can be calculated, for there are Z protons (mass Mp), Z 
electrons (mass Me) and N =  (A – Z ) neutrons (mass Mn), giving a total 
mass of Zmp + Zmc + NMn. 

But the measured mass M is less than this by a differene M = (Zmp + 
Zmc + Nmn – M), which is called the mass defect. 

The mass defect M represents the energy Mc2 that would be liberated if 
the nucleons and the electrons were assembled, and it is therefore the energy 
which would have to be supplied in order to dismember the atom again. So the 
greater the value of M, the greater is the stability of the atom against this kind 
of breaking – up. A better stability criterion is the mass deflect per nucleon, 

M/A, which represents the binding energy per nucleon. 
The mass of a nucleon, about 1.6 x 10-27kg, is roughly 1.5 x 10-10 J, say 

about 1 eV;  one  millionth  of  this  is  a  difference  of  1  KeV per nucleon. 
Therefore, we need to used very accurate mass values if the calculation is to 
Mean much. 

As we saw in the last section, masses are expressed in terms of the 
unified mass constant, Mu,  which  is  the  mass  of  the  12C atom (amu), and 
some relevant values are: 

Unifield atomic mass constant, MeVkgMu 478.9311066.1 27  
Mass of proton, MuM p 00727647.1  
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Mass of electron, MuMe
410485803.5  

Mass of neutron, MuM n 008665.1  
The graph of  Fig. 6.1 shows how the binding energy per nucleon varies 

with A. The only three points that do not lie on the smooth curve are the 
particularly stable (even-evn and multiple of 4) nuclides 4He, 12C and 16C. 
The curve has a maximum at about A = 50, but over the range A = 80 to A = 
250 the gradient is almost uniform and is not very considerable. The higher 
a nuclide’s place on the curve, the more stable it is, and any nuclear change 
which ascends the curve librates energy. The two ways up are fusion from 
the left-hand-side, and fission (or on a smaller scale the disintegratioin that 
gives -emission) form the right –hand side. 
 

6.2.4 Nuclear Forces 
Now that we know that a nucleus consists of protons carrying +e 

charges) and neutron (carrying no charge), the question arises as to what 
keeps the nucleus from falling apart in view of the fairly large force of 
repulsion between the protons. Definitely, the gravitational force of 
attraction between the nucleous is much too weak to hold them together. 
There must, therefore be some other very strong force of attraction, binding 
the protons and neutrons so compactly together, quite different from the 
forces with which we are familiar in classical physics. 

Various experiments on scaltering of nuclei by one another, on collision, 
clearly show that there are indeed very strong attractive forces which are 
effective only within a very small range of the order of 10-15 m. It is, 
therefore, not a mere coincidence that the radius of a nucleus too is of the 
same order (1015 m). These short range forces are called nuclear forces and 
are effective only when two nuclei just touch each other and fall to zero as 
soon as they are separated. 

Another significant point about these attractive forces is that they are the 
same between protons and protons (p-p force), between protons and 
neutrons (p-n forces) and between neutrons and neutrons (n-n forces), in 
spite of the fact that there is also a repulsive force between protons and 
protons. This latter force must obviously be negligible compared to the 
attractive nuclear force between them. Hence, so far as nuclear forces are 
concerned, protons and neutrons are one and the same thing, the positive 
charge on the protons being of no consequence at all. This fact is referred to 
as the chargeindependence character of the nuclear forces. 

 
6.2.5 Three Main Types of Rediation 
Alpha Radiation:This is a particle, comprising two protons and two 

neutrrons. Hence it has a mass about 8000 times that of the electron and a 
charge of +3.2 x 10-19C. 
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Beta Radiation:There are, infact, two B particles, the B– and the B+. 
The B- is the B- particle normally referred to in Nuclear Physics and it is an 
electron. Electrons do not infact exist in the nucleus, but the beta particle is 
created and ejected from the nucleus when a neutron changes into a proton. 
The B+ particle (a position same mass as electron, same charge as proton) is 
created and ejected when a proton changes into a neutron. 

Gamma Radaition: This is a photon of electromagnetic radiation 
sometimes ejected by nuclei following beta or a alpha emission, when the 
nucleus adjusts its energy levels. It has no mass and no charge. 

Radioactive Decay 
When the nucleus of a radioactive atom disintegrates, it may emit an 

alpha particle or a beta particle. Gamma rays may precide or follow either 
kind of particle. When an alpha particle is emitted, the mass number A 
decreases by 4 and the atomic number Z by  2,  because  the  positively  
charged alpha particle carries off two electronic units of charge, leaving the 
positve nuclear charge less by two electron units (conservation of energy). 
Emitting a Pparticle does not alter the mass number, it increases the atomic 
number by one, because the negatively charged B-particle carries off one 
electronic unit of charge, leaving the positive nuclear charge greater by one 
electronic unit. 

The disintegration of an individual nucleus is a random event. The word 
decay  (or  rate  of  decay)  is  used  for  the  rate  at  which  the  number  N  of  
serviving nuclei in a given sample of a pure radiative nuclide diminishes 
with time. Since the decay is andom, this rate depends only on itself. The 
rate - dtdN /  at any given time is proportional to the number of surviving 
nuclei at that time. So NdtdN /  where  is a constant which depends 
on the nuclide called the decay constant. 

Integrating gives loge tNN 0/ , where 0NN  at 0t ,  so that at 
time t. 

teNN 0  .                                       (6.20) 
The number of nuclei that have disintegrated at time t is given by 

)1(00
teNNN . (6.21) 

The half-life 2/1T ,  of a radioactive nuclide is defined as the time, from 
the original observation, for the number of surviving nucleir to be reduced 
to one-half. Thus, for 2/10 2log2/1/ TNN e , and 

693.0/)2(log2/1 eT .  (6.22) 

The quantity that is actually observed as the ‘activity’ is a count-rate, or 
the  equivalent  of  an  ionisation  current,  which  gives  the  rate  of  decay  –  

dtdN /  at that instant. But dtdN /  is proportional to N, whence 
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tedtdNdtdN //   (6.23) 
and the half-life is therefore also the time, from the initial observation, 

for the activity to be reduced to one-half. However, unless the product is a 
stable nuclide, or one with a very long half-life, there is more than one 
contribution to the activity. So it is only in suitable cases that the measured 
activity enables the half-life to be found directly. 

It follows from Eq. 6.23 that a large  means a short half-life because at 
any particular time there is a large rate of decay for a given number of 
atoms. After one half-life both the number of atoms and the activity have 
halved. After two half-lives they both have quartered, and so on. Always 
remember that the half-life of a nuclide is the average time it takes for half 
its atoms to decay. 

An activity of 1 disintegration per second is 1 Bq (becquerel) Half-lives 
vary from millionths of a second to thousands of millions of years. Radium 
226 has a half-life of 1622 years, therefore starting with 1 g of pure radium, 
½ g remains as radium after 1622 years, ¼ g after 3244 years and so on. An 
exponental decay curve, like that for the discharge of a capacitor through a 
high resistor, is shown in figure 6.11 to illustrate the idea of half-lives. 

 
                            0              1          2         3         4 
                                Number of half-lives 

Figure 6.11 
 

The first member of a series decays into a daughter product, but this in 
turn will probably itself decay until a stable non-decaying isotope is 
produced. The list of all the members of the family is called a radioactive 
series. Some time after the production of the original source all the 
members of the series will be in equilibrium, i.e they will be produced from 
their parent at the same rate at which they are decaying, i.e 

....332211 NNN , where 
21, NN  are the equilibrium numbers of atoms 

of each memebr of the series. 



 226 

An example of a series is: 

 
Note the effects on Z and A of the emission of alphas and betas. Note 

also that 232Th and 228Th are isotopes. 
Example 
If 8 x 1010 atoms  of  radon  are  separated  from  radium,  how  many  

disintegrations will occur in 11.46 days ? ( Half-life radon = 3.82 days). 
Solution 
First, notce that 11.46 days is three times the half-life of radon. We 

could  solve  the  problem as  follows:  during  the  first  3.82  days,  half  of  the  
radon atoms will decay, leaving 4 x 1010; during the second 3.82 days, half 
of these will decay, leaving 2 x 1010 and during the final 3.82 days, half of 
these will decay, leaving 1 x 1010. Thus 7 x 1010 disintegrations would occur 
in 11.46 days. 

Alternatively, 
Using  the  formular  fo  radioactive  decay  (Eq.  6.20),  we  have  N  =  8  x  

1010 e - ( 0.693/3.82 days) (11.46 days) 
1010079.210 101125.0108108 e  

Hence the number of disintegrations is 10107 . 
 
6.2.6 Nuclear Stability 
Whilst the chemical properties of an atom are governed entirely by the 

number of protons in the nucleus (i.e the atomic number Z), the stability of 
an atom appears to depend on both the number of protons and the number of 
neutrons. 

 
Figure 6.12 
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In Figure 6.12 the number of neutrons (A – Z) has been plotted against 
the number of protons for all known nuclides, stable and unstable, natural 
and man-made. A continous line has been drawn approximately through the 
stable  nuclides  (only  a  few are  labelled)  and the  shading on either  side  of  
this line shows the region of unstable nuclides. 

For stable nuclides the following points emerge: 
1) The lightest nuclides have almost equal numbers of protons and 

neutrons. 
2) The heavier nuclides require more neutrons than protons, the 

heaviest having about 50 per cent more. 
3) Most nuclides have both an even number of protons and an even 

number of neutrons. The implication is that two protons and two neutrons. 
i.e an alpha particle, form a particularly stable combination and in this 
connection,  it  is  worth  noting  that  oxygen (16

8O),  silicon (14
28Si ) and iron 

(56
28Fe) together account for over three quarters of the earth’s crust. 
For unstable nuclides the following points can be made: 
1) Disintegrations tend to produce new nuclides nearer the ‘stability’ 

line and continue until a stable nuclide is formed. 
2) A nuclide above the line decays so as to give an increase in atomic 

number, i.e by beta emission (in which a neutron changes to a proton and an 
electron). Its neutro-to-proton ratio is thereby increased. 

3) A nuclide below the line disintegates in such a way that its atomic 
number decreases and its neutron-to-proton ratio increases. In heavy 
nuclides this can occur by alpha emission. 
 

6.2.7 Nuclear Fission and Fusion 
If a nucleus of large mass splits (fissions) into two nuclei of smaller 

mass, then bearing in mind that the total number of nucleous remains 
constant, the total energy in the nuclei is less, and the energy difference is 
released as kinetic energy of the fragment. In 235U, spontaneous fission does 
not occur, but fission can be caused by bombarding it with thermal (low 
energy) neutrons. 

nKYXnU 11235 ,      (6.24) 
X and Y represent the fission fragments whose proton and nucleon 

numbers are not same values for each fission; K is the number of neutrons 
released in the process, K is  not  always  the  same,  but  the  total  number  of  
protons and nucleons must be the same on both sides of the equation. K is 
usually 2 or 3 with an average value of 2.47. The phenomenon may be 
represented as in figure 6.13. 
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Figure 6.13 

 
These neutrons can be used to produce further fissions, so producing a 

chain reaction which will run out of control unless the number of neutrons 
produced is kept under control. Infact, the neutrons produced in a fission 
reaction have considerable energies and are known as ‘fast neutrons which 
do not fision 234U. The neutrons have to be slowed down to thermal 
energies. 

Several different nuclei have been identified as the result of fision, and 
all that can be said is that the nucleus splits into parts with masses in the 
approximate ratio 5:7. 

Energy can also be produced by the fusion of two nuclei of small mass 
to produce a more massive nucleus e.g. 

nHHH 1
0

3
2

2
1

2
1 .     (6.25) 

This reaction takes place in the sun. The difficulty arises in providing 
the very high temperatures needed to give the two positve nuclei sufficient 
kinetic energy to overcome their electrostatic repulsion. 

In physics, the fundamental interactions,  also  known  as  fundamental 
forces, are the interactions that do not appear to be reducible to more basic 
interactions. There are four conventionally accepted fundamental interactions—
gravitational, electromagnetic, strong nuclear, and weak nuclear. Each one is 
described mathematically as a field. The gravitational force is modelled as a 
continuous classical field. The other three, part of the Standard 
Model of particle physics, are described as discrete quantum fields, and their 
interactions are each carried by a quantum, an elementary particle. 

The two nuclear interactions have short ranges, producing forces at 
minuscule, subatomic distances. The strong nuclear interaction, which is 
carried by the gluonparticle, is responsible for the binding of quarks 
together to form hadrons, such as protons and neutrons; as a residual effect, 
it binds the latter particles to formatomic nuclei. The weak nuclear 
interaction, which is carried by the W and Z particles,  also  acts  on  the  
nucleus, mediating radioactive decay. The other two, electromagnetism and 
gravity, produce significant forces at macroscopic scales where the effects 
can be seen directly in everyday life. The electromagnetic force, carried by 
the photon, creates electric and magnetic fields, which are responsible for 
chemical bonding and are used in electrical technology. 
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Electromagnetic forces tend to cancel each other out when large 
collections of objects are considered, so over the largest distances (on the 
scale of planets and galaxies), gravity tends to be the dominant force. 

All four fundamental forces are believed to be related, and to unite into a 
single force at high energies on a minuscule scale, the Planck scale, 
but particle accelerators cannot produce the enormous energies required to 
experimentally probe this. A goal of theoretical physicists working beyond 
the Standard Model is toquantize the gravitational field, yielding a theory of 
quantum gravity (QG) which would unite gravity in a common theoretical 
framework with the other three forces. Other theorists seek to unite the 
electroweak and strong fields within a Grand Unified Theory (GUT). Some 
theories, notably string theory, seek both QG and GUT within one 
framework, unifying all four fundamental interactions along with mass 
generation within a theory of everything (ToE). 

A few researchers have interpreted various anomalous observations in 
physics as evidence for a fifth force, but this is not widely accepted. 

 
The four fundamental interactions of nature  

 
Figure 6.14 

 
6.2.8 Overview of the fundamental interactions 
In the conceptual model of fundamental interactions, matter consists of 

fermions, which carryproperties called charges and spin ± 1
2 (intrinsic 
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angular momentum ± 2, where  is the reduced Planck constant). They 
attract or repel each other by exchanging bosons. The interaction of any pair 
of fermions in perturbation theory can then be modelled thus: 

Two fermions go in  interaction by boson exchange  Two changed 
fermions go out. 

The exchange of bosons always carries energy and momentum between 
the fermions, thereby changing their speed and direction. The exchange may 
also transport a charge between the fermions, changing the charges of the 
fermions in the process (e.g., turn them from one type of fermion to 
another). Since bosons carry one unit of angular momentum, the fermion's 
spin direction will flip from +1

2 to  1
2 (or vice versa) during such an 

exchange (in units of the reduced Planck's constant). 
Because an interaction results in fermions attracting and repelling each 

other, an older term for "interaction" is force. 
 

 
Figure 6.15 An overview of the various families of elementary and composite 

particles, and the theories describing their interactions. Fermions are on the left, 
and Bosons are on the right 

 
According to the present understanding, there are four fundamental 

interactions or forces:gravitation, electromagnetism, the weak interaction, 
and the strong interaction. Their magnitude and behaviour vary greatly, as 
described in the table below. Modernphysics attempts to explain every 
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observed physical phenomenon by these fundamental interactions. 
Moreover, reducing the number of different interaction types is seen as 
desirable. Two cases in point are the unification of: 

- Electric and magnetic force into electromagnetism; 
- The electromagnetic interaction and the weak interaction into the 

electroweak interaction; see below. 
Both magnitude «relative strength» and «range», as given in the table, 

are meaningful only within a rather complex theoretical framework. It 
should also be noted that the table below lists properties of a conceptual 
scheme that is still the subject of ongoing research. 

The modern (perturbative) quantum mechanical view of the fundamental 
forces other than gravity is that particles of matter (fermions) do not directly 
interact with each other, but rather carry a charge, and exchange virtual 
particles (gauge bosons), which are the interaction carriers or force 
mediators. For example, photons mediate the interaction of electric charges, 
and gluons mediate the interaction of color charges. 

 
Gravity 
Gravitation is by far the weakest of the four interactions. The weakness 

of gravity can easily be demonstrated by suspending a pin using a simple 
magnet (such as a refrigerator magnet). The magnet is able to hold the pin 
against the gravitational pull of the entire Earth. 

Yet gravitation is very important for macroscopic objects and over 
macroscopic distances for the following reasons. Gravitation: 

 Is the only interaction that acts on all particles having mass, energy 
and/or momentum. 

 Has an infinite range, like electromagnetism but unlike strong and 
weak interaction. 

 Cannot be absorbed, transformed, or shielded against. 
 Always attracts and never repels. 

Even though electromagnetism is far stronger than gravitation, electrostatic 
attraction is not relevant for large celestial bodies, such as planets, stars, and 
galaxies, simply because such bodies contain equal numbers of protons and 
electrons and so have a net electric charge of zero. Nothing "cancels" 
gravity, since it is only attractive, unlike electric forces which can be 
attractive or repulsive. On the other hand, all objects having mass are 
subject to the gravitational force, which only attracts. Therefore, only 
gravitation matters on the large-scale structure of the universe. 

The long range of gravitation makes it responsible for such large-scale 
phenomena as the structure of galaxies and black holes and it retards 
the expansion of the universe. Gravitation also explains astronomical 
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phenomena  on  more  modest  scales,  such  as  planetary  orbits,  as  well  as  
everyday experience: objects fall; heavy objects act as if they were glued to 
the ground, and animals can only jump so high. 

Gravitation was the first interaction to be described mathematically. In 
ancient times, Aristotle hypothesized that objects of different masses fall at 
different rates. During the Scientific Revolution, Galileo Galilei 
experimentally determined that this was not the case - neglecting the 
friction due to air resistance, and buoyancy forces if an atmosphere is 
present (e.g. the case of a dropped air-filled balloon vs a water-filled 
balloon) all objects accelerate toward the Earth at the same rate.Isaac 
Newton's law of Universal Gravitation (1687) was a good approximation of 
the behaviour of gravitation. Our present-day understanding of gravitation 
stems from Albert Einstein's General Theory of Relativity of 1915, a more 
accurate (especially for cosmological masses and distances) description of 
gravitation in terms of the geometry of spacetime. 

Merging general relativity and quantum mechanics (or quantum field 
theory) into a more general theory of quantum gravity is an area of active 
research. It is hypothesized that gravitation is mediated by a massless spin-2 
particle called the graviton. 

Although general relativity has been experimentally confirmed (at least 
for weak fields) on all but the smallest scales, there are rival theories of 
gravitation. Those taken seriously by [citation needed] the physics 
community all reduce to general relativity in some limit, and the focus of 
observational work is to establish limitations on what deviations from 
general relativity are possible. 

Proposed extra dimensions could explain why the gravity force is so 
weak [32]. 
 

Electroweak interaction 
Electromagnetism and weak interaction appear to be very different at 

everyday low energies. They can be modeled using two different theories. 
However, above unification energy, on the order of 100 GeV, they would 
merge into a single electroweak force. 

Electroweak theory is very important for modern cosmology, 
particularly on how the universe evolved. This is because shortly after the 
Big Bang, the temperature was approximately above 1015 K. 
Electromagnetic force and weak force were merged into a combined 
electroweak force. 

For contributions to the unification of the weak and electromagnetic 
interaction between elementary particles, Abdus Salam, Sheldon Glashow 
and Steven Weinbergwere awarded the Nobel Prize in Physics in 1979.  
[33; 34]. 
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Electromagnetism 
Electromagnetism is the force that acts between electrically charged 

particles. This phenomenon includes the electrostatic force acting between 
charged particles at rest, and the combined effect of electric and magnetic 
forces acting between charged particles moving relative to each other. 

Electromagnetism is infinite-ranged like gravity, but vastly stronger, and 
therefore describes a number of macroscopic phenomena of everyday 
experience such asfriction, rainbows, lightning, and all human-made 
devices using electric current, such as television, lasers, and computers. 
Electromagnetism fundamentally determines all macroscopic, and many 
atomic levels, properties of the chemical elements, including all chemical 
bonding. 

In a four kilogram (~1 gallon) jug of water there are 
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of total electron charge. Thus, if we place two such jugs a meter apart, the 
electrons in one of the jugs repel those in the other jug with a force of 
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This is larger than the planet Earth would weigh if weighed on another 
Earth. The atomic nuclei in one jug also repel those in the other with the 
same force. However, these repulsive forces are canceled by the attraction 
of the electrons in jug A with the nuclei in jug B and the attraction of the 
nuclei in jug A with the electrons in jug B, resulting in no net force. 
Electromagnetic forces are tremendously stronger than gravity but cancel 
out so that for large bodies gravity dominates. 

Electrical and magnetic phenomena have been observed since ancient 
times, but it was only in the 19th century that it was discovered that 
electricity and magnetism are two aspects of the same fundamental 
interaction. By 1864, Maxwell's equations had rigorously quantified this 
unified interaction. Maxwell's theory, restated usingvector calculus, is the 
classical theory of electromagnetism, suitable for most technological 
purposes. 

The constant speed of light in a vacuum (customarily described with the 
letter «c») can be derived from Maxwell's equations, which are consistent 
with the theory of special relativity. Einstein's 1905 theory of special 
relativity, however, which flows from the observation that the speed of light 
is constant no matter how fast the observer is moving, showed that the 
theoretical result implied by Maxwell's equations has profound implications 
far beyond electromagnetism on the very nature of time and space. 
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In another work that departed from classical electro-magnetism, Einstein 
also explained the photoelectric effect by hypothesizing that light was 
transmitted in quanta, which we now call photons. Starting around 1927, 
Paul Dirac combined quantum mechanics with the relativistic theory 
of electromagnetism. Further work in the 1940s, by Richard Feynman, 
Freeman Dyson, Julian Schwinger, and Sin-Itiro Tomonaga, completed this 
theory, which is now called quantum electrodynamics, the revised theory of 
electromagnetism. Quantum electrodynamics and quantum mechanics 
provide a theoretical basis for electromagnetic behavior such as quantum 
tunneling, in which a certain percentage of electrically charged particles 
move in ways that would be impossible under the classical electromagnetic 
theory, that is necessary for everyday electronic devices such as transistors 
to function. 

Weak interaction 
The weak interaction or weak nuclear force is responsible for some 

nuclear phenomena such as beta decay. Electromagnetism and the weak 
force are now understood to be two aspects of a unified electroweak 
interaction - this discovery was the first step toward the unified theory 
known as the Standard Model. In the theory of the electroweak interaction, 
the carriers of the weak force are the massive gauge bosons called the W  
and Z  bosons. The weak interaction is the only known interaction which 
does not conserve parity; it is left-right asymmetric. The weak interaction 
even violates CP - symmetry but does conserve CPT. 

Strong interaction 
The strong interaction, or strong nuclear force, is the most complicated 

interaction, mainly because of the way it varies with distance. At distances 
greater than 10 fem to meters, the strong force is practically unobservable. 
Moreover, it holds only inside the atomic nucleus. 

After the nucleus was discovered in 1908, it was clear that a new force, 
today known as the nuclear force, was needed to overcome the electrostatic 
repulsion, a manifestation of electromagnetism, of the positively charged 
protons. Otherwise, the nucleus could not exist. Moreover, the force had to 
be strong enough to squeeze the protons into a volume that is about 10 15 m, 
much  smaller  than  that  of  the  entire  atom.  From  the  short  range  of  this  
force, Hideki Yukawa predicted that it was associated with a massive 
particle, whose mass is approximately 100 MeV. 

The 1947 discovery of the pion ushered in the modern era of particle 
physics. Hundreds of hadrons were discovered from the 1940 s to 1960 s, 
and an extremely complicated theory of hadrons as strongly interacting 
particles was developed. Most notably: 
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 The pions were understood to be oscillations of vacuum condensates; 
 Jun John Sakurai proposed the rho and omega vector bosons to be 

force carrying particles for approximate symmetries of isospin and 
hypercharge; 

 Geoffrey Chew, Edward K. Burdett and Steven Frautschi grouped 
the heavier hadrons into families that could be understood as vibrational and 
rotational excitations of strings. 

While each of these approaches offered deep insights, no approach led 
directly to a fundamental theory. 

Murray Gell-Mann along with George Zweig first proposed fractionally 
charged quarks in 1961. Throughout the 1960 s, different authors 
considered theories similar to the modern fundamental theory of quantum 
chromodynamics (QCD) as simple models for the interactions of quarks. 
The  first  to  hypothesize  the  gluons  of  QCD  were  Moo-Young  Han  and  
Yoichiro Nambu, who introduced the quark color charge and hypothesized 
that it might be associated with a force-carrying field. At that time, 
however, it was difficult to see how such a model could permanently 
confine quarks. Han and Nambu also assigned each quark color an integer 
electrical charge, so that the quarks were fractionally charged only on 
average, and they did not expect the quarks in their model to be 
permanently confined. 

In 1971, Murray Gell-Mann and Harald Fritzsch proposed that the 
Han/Nambu color gauge field was the correct theory of the short-distance 
interactions of fractionally charged quarks. A little later, David Gross, 
Frank Wilczek, and David Politzer discovered that this theory had the 
property of asymptotic freedom, allowing them to make contact with 
experimental evidence. They concluded that QCD was the complete theory 
of the strong interactions, correct at all distance scales. The discovery of 
asymptotic freedom led most physicists to accept QCD since it became 
clear that even the long-distance properties of the strong interactions could 
be consistent with experiment if the quarks are permanently confined. 

Assuming that quarks are confined, Mikhail Shifman, Arkady 
Vainshtein and Valentine Zakharov were able to compute the properties of 
many low-lying hadrons directly from QCD, with only a few extra 
parameters to describe the vacuum. In 1980, Kenneth G. Wilson published 
computer calculations based on the first principles of QCD, establishing, to 
a level of confidence tantamount to certainty, that QCD will confine quarks. 
Since then, QCD has been the established theory of the strong interactions. 

QCD is a theory of fractionally charged quarks interacting by means of 
8 bosonic particles called gluons. The gluons interact with each other, not 



 236 

just with the quarks, and at long distances the lines of force collimate into 
strings. In this way, the mathematical theory of QCD not only explains how 
quarks interact over short distances but also the string-like behavior, 
discovered by Chew and Frautschi, which they manifest over longer 
distances. 
 

6.3 ELEMENTARY PARTICLES. QUARKS 
A quark is an elementary particle and a fundamental constituent of 

matter. Quarks combine to form composite particles called hadrons, the 
most stable of which are protons and neutrons, the components of atomic 
nuclei [32]. Due to a phenomenon known as color confinement, quarks are 
never directly observed or found in isolation; they can be found only within 
hadrons, such as baryons (of which protons and neutrons are examples) and 
mesons.[33; 34]. For this reason, much of what is known about quarks has 
been drawn from observations of the hadrons themselves. 

Quarks have various intrinsic properties, including electric charge, mass, 
color charge, and spin. Quarks are the only elementary particles in the 
Standard Model of particle physics to experience all four fundamental 
interactions, also known as fundamental forces (electromagnetism, 
gravitation, strong interaction, and weak interaction), as well as the only 
known particles whose electric charges are not integer multiples of the 
elementary charge. 

There are six types of quarks, known as flavors: up, down, strange, 
charm, top, and bottom. Up and down quarks have the lowest masses of all 
quarks. The heavier quarks rapidly change into up and down quarks through 
a process ofparticle decay: the transformation from a higher mass state to a 
lower mass state. Because of this, up and down quarks are generally stable 
and the most common in the universe, whereas strange, charm, bottom, and 
top quarks can only be produced in high energy collisions (such as those 
involving cosmic rays and in particle accelerators). 

For every quark flavor there is a corresponding type of antiparticle, 
known as an antiquark, that differs from the quark only in that some of its 
properties have equal magnitude but opposite sign. 

The quark model was independently proposed by physicists Murray 
Gell-Mann and George Zweig in 1964 [32]. Quarks were introduced as 
parts  of  an  ordering  scheme for  hadrons,  and there  was  little  evidence  for  
their physical existence until deep inelastic scattering experiments at the 
Stanford Linear Accelerator Center in 1968 [33; 34]. Accelerator 
experiments have provided evidence for all six flavors. The top quark was 
the last to be discovered at Fermilab in 1995 [32].  
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Classification 
The Standard Model is the theoretical framework describing all the 

currently known elementary particles. This model contains six flavors of 
quarks (q), named up (u), down (d), strange (s), charm (c), bottom (b), and 
top  (t) [31]. Antiparticles of quarks are called antiquarks, and are denoted 
by a bar over the symbol for the corresponding quark, such as u for an up 
antiquark. As with antimatter in general, antiquarks have the same mass, 
mean lifetime, and spin as their respective quarks, but the electric charge 
and other charges have the opposite sign [35].  

Quarks are spin-1
2 particles, implying that they are fermions according 

to the spin-statistics theorem. They are subject to the Pauli exclusion 
principle, which states that no two identical fermions can simultaneously 
occupy the same quantum state. This is in contrast to bosons (particles with 
integer spin), any number of which can be in the same state [36]. Unlike 
leptons, quarks possess color charge, which causes them to engage in the 
strong interaction. The resulting attraction between different quarks causes 
the formation of composite particles known as hadrons (see «Strong 
interaction and color charge» below). 

The quarks that determine the quantum numbers of hadrons are called 
valence quarks; apart from these, any hadron may contain an indefinite 
number of virtual (or sea) quarks, antiquarks, and gluons, which do not 
influence its quantum numbers [37]. There are two families of hadrons: 
baryons, with three valence quarks, and mesons, with a valence quark and 
an antiquark [38]. The most common baryons are the proton and the 
neutron, the building blocks of the atomic nucleus [39]. A great number of 
hadrons are known, most of them differentiated by their quark content and 
the properties these constituent quarks confer. The existence of «exotic» 
hadrons with more valence quarks, such as tetraquarks (qqqq) and 
pentaquarks (qqqqq), has been conjectured [40] but not proven [40; 41; 42]. 
However, on 13 July 2015, the LHCb collaboration at CERN reported 
results consistent with pentaquark states [42].  

Elementary fermions are grouped into three generations, each 
comprising two leptons and two quarks. The first generation includes up 
and down quarks, the second strange and charm quarks, and the third 
bottom  and  top  quarks.  All  searches  for  a  fourth  generation  of  quarks  
and other elementary fermions have failed,[41] and there is strong 
indirect evidence that no more than three generations exist [42; 43; 44]. 
Particles in higher generations generally have greater mass and less 
stability, causing them to decay into lower-generation particles by 
means of weak interactions. Only first-generation (up and down) quarks 



 238 

occur commonly in nature. Heavier quarks can only be created in high-
energy collisions (such as in those involving cosmic rays), and decay 
quickly; however, they are thought to have been present during the first 
fractions of a second after the Big Bang, when the universe was in an 
extremely hot and dense phase (the quark epoch). Studies of heavier 
quarks are conducted in artificially created conditions, such as in 
particle accelerators 44.  

Having electric charge, mass, color charge, and flavor, quarks are the 
only known elementary particles that engage in all four fundamental 
interactions of contemporary physics: electromagnetism, gravitation, strong 
interaction, and weak interaction [39]. Gravitation is too weak to be relevant 
to individual particle interactions except at extremes of energy (Planck 
energy) and distance scales (Planck distance). However, since no successful 
quantum theory of gravity exists, gravitation is not described by the 
Standard Model. 

See the table of properties below for a more complete overview of the 
six quark flavors' properties. 

 
Mass 
Two terms are used in referring to a quark's mass: current quark mass 

refers to the mass of a quark by itself, while constituent quark mass refers to 
the current quark mass plus the mass of the gluon particle field surrounding 
the quark [46]. These masses typically have very different values. Most of a 
hadron's mass comes from the gluons that bind the constituent quarks 
together, rather than from the quarks themselves. While gluons are 
inherently massless, they possess energy – more specifically, quantum 
chromodynamics binding energy (QCBE) – and it is this that contributes so 
greatly to the overall mass of the hadron (see mass in special relativity). For 
example, a proton has a mass of approximately 938 MeV/c2, of which the 
rest mass of its three valence quarks only contributes about 9 MeV/c2; much 
of the remainder can be attributed to the field energy of the gluons [45; 46]. 
See Chiral symmetry breaking. 

The Standard Model posits that elementary particles derive their 
masses from the Higgs mechanism, which is associated to the Higgs 
boson. It is hoped that further research into the reasons for the top 
quark's large mass of ~173 GeV/c2, almost the mass of a gold atom [45; 
46], might reveal more about the origin of the mass of quarks and other 
elementary particles [47].  
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Table 4 
Quark flavor properties [45] 

 
 
The following table summarizes the key properties of the six quarks. 

Flavor quantum numbers (isospin (I3),  charm (C), strangeness S, not to be 
confused with spin), topness (T), and bottomness (B )) are assigned to 
certain quark flavors, and denote qualities of quark-based systems and 
hadrons. The baryon number (B) is +1

3 for all quarks, as baryons are made 
of three quarks. For antiquarks, the electric charge (Q) and all flavor 
quantum numbers (B, I3, C, S, T, and B ) are of opposite sign. Mass and total 
angular momentum (J; equal to spin for point particles) do not change sign 
for the antiquarks. 

J - total angular momentum, B - baryon number, Q - electric charge, I3 - 
isospin, C - charm, S - strangeness, T - topness, B  - bottomness. 

* Notation such as 173210±510±710 denotes two types of measurement 
uncertainty. In the case of the top quark, the first uncertainty is statistical in 
nature, and the second is systematic. 

 
Lepton 
A lepton is an elementary, half-integer spin (spin 1

2) particle that does 
not undergo strong interactions [30]. Two main classes of leptons exist: 
charged leptons (also known as the electron-like leptons), and neutral 
leptons (better known asneutrinos). Charged leptons can combine with other 
particles to form various composite particles such as atoms and 
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positronium, while neutrinos rarely interact with anything, and are 
consequently rarely observed. The best known of all leptons is the electron. 

 
Table 5 

Properties of leptons 

 
 
Leptons have various intrinsic properties, including electric charge, spin, 

and  mass.  Unlike  quarks  however,  leptons  are  not  subject  to  the  strong  
interaction, but they are subject to the other three fundamental interactions: 
gravitation,electromagnetism (excluding neutrinos, which are electrically 
neutral), and the weak interaction. 

For every lepton flavor there is a corresponding type of antiparticle, 
known as an antilepton, that differs from the lepton only in that some of its 
properties have equal magnitude but opposite sign. However, according to 
certain theories, neutrinos may be their own antiparticle, but it is not 
currently known whether this is the case or not. 
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Chapter 7 PRACTICAL TASKS  
 

7.1 KINEMATICS 
1. The airspeed of the aircraft is hkm /8000 . The West to East wind 

speed smu /15 . What ground speed  of the aircraft and the angel  to 
the meridium should be kept so that the direction was to a) the South; b) the 
North; c) the West; d) the East? hkma /18.798,87.3)( 0

; 
hkmb /18.798,87.3) 0

; hkmc /746,90) 0

; 
)./854,90) 0 hkmd  

2. The aircraft flies from point A to point B, located at a distance 
kml 300  to the east. What the duration t of the flight will be when a) wind 

is calm; b) S-N wind; c) W-E wind. Wind speed smu /20 , airspeed 
hkm /6000 . (a) min30t  b) min218,30t  c) min786,26t ). 

3. The object 1 accelerations, at an initial velocity 10  and an acceleration 

1a . Simultaneously object 2 stars to move slowler and slowler, having an initial 
velocity 20 and acceleration 1a . Calculate the time t after starting of the 

movement, when both objects have the equal same speed? (
21

1020

aa
t ). 

4. The dependence of the distance S passed by the object on the time t  
is given by the equation 2CtBtAS , where mA 6 , smB /3  and 

2/2 smC . What is average velocity and the average acceleration of the 
object for the time interval .41 st  Make a graph of the dependence of 
the path s, speed v and acceleration a on time t for a time interval st 50  
in 1 s. ( 2/4;/7 smasm ). 

5. The aircraft must take off for speed hkm /250 . What will the 
acceleration be if this speed is reached at the end of the runway with the 
length ml 1000 ? What is the acceleration of the aircraft? What is the 
average speed of the aircraft on this ley? The movement of the aircraft is 
assumed to be equally accelerated. 
( smsmast av /72.34;/41.2;8.28 2 ). 

6. The aircraft takes off from the aerodrome at an angle 030  to the 
horizon with a constant speed sm /60 . What will be the height in 

st 10  and  at  what  the  distance  will  be  (in  the  horizontal  direction)  from 
the take-off point? ( mS 5.519 ). 
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7. What is the landing speed available for the aircraft when the runway 
length ml 800  and braking action with acceleration 2/5 sma ? 
( sm /44.890 ). 

8. The engines of the rocket, launched vertically up from the Earth's 
surface, opereted 1 min and reported a constant acceleration ga 3  to the 
rocket. What is the maximum height reached by the rocket? The 
acceleration of gravity g is assumed to be constant and equal to 2/8.9 sm . 
Resistance to air is neglected. ( mh 04.194 ). 

9. What is the lifting height and range of the flare missile, launched at a 
speed of sm /40 at an angle of 060  to the horizon. ( mSmh 2.141;1.61 ). 

10. The rotation speed of the aircraft propeller is mrp /1500 .What is the 
number revolutions made be the screw at a distance does km90  and a speed 
of hkm /180 ? (45 000 rpm). 

11. The dependence of the path s made by the object on time t is given 
by the equation 2CtBtAS , where mA 3 , smB /3  and 2/1 smC . 
What is the average velocity v and the average acceleration a in the first, 
second  and  third  seconds  of  its  motion.  
( 2

321321 /2;/7;/5;/3 smaaasmsmsm ). 
12. The dependence of the path s made by the object on time t is given 

by the equation 32 DtCtBtAS , where 2/14.0 smC  and 
3/01.0 smD . What time t  after the beginning of motion the body will 

have an acceleration 2/1 sma ? What is the average acceleration  a  of the 
body during this time interval. ( stsma 12;/64.0 2 ). 

13. From the tower, which height is mh 25  stone was throun 
horizontally with a speed smx /15 .  What  time  will  the  stone  be  in  
motion? What distance l from the base of the tower will be when it falls to 
the ground? What will the speed on the stone be when is falls on the 
ground? What angle  will be the trajectory of the stone with the horizon at 
the point of its fall to the ground? 
( `4855;/7.26;9.33;26.2 0smmlst ). 

14. A stone thrown horizontally fell to the ground in time 5.0t s at  a  
distance ml 5  horizontally from the throwing point. What height h  the 
stone was thrown? What will the speed on the stone be thrown? What will 
the speed on the stone be when is falls on the ground? What angle  will be 
the trajectory of the stone with the horizon at the point of its fall to the 
ground? ( `1226;/10;22.1;/1.111 0smmhsm x

). 
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15. The ball, thrown horizontally, hits the wall, located at a distance 
ml 5  from the throwing place. The height of the place where the ball hits 

the wall is mh 1  less than the height h from which the ball is thrown. 
What is the speed the ball was thrown? What angle  does the ball fly to 
the wall surface? ( `1268;/1.11 0smx ). 

16. A stone thrown horizontally, in time st 5.0  after the beginning of 
the movement, had a velocity , 1.5 times greater than the speed x  at the 
time  of  the  thrown.  What  is  the  speed  the  stone  was  thrown?  
( smx /4.4 ). 

17. The  stone  is  thrown  horizontally  at  a  speed  smx /15 . Calculate 
the normal na and the tangential acceleration a  of the stone in a time st 1  
after starting of the motion. ( 22 /4.5;/2.8 smasman

). 
18. The stone is thrown horizontally at a velocity smx /10 . Calculate 

the  radius  of  curvature  of  the  trajectory  of  the  stone  in  a  time st 3  after 
starting of the movement.( mR 305 ). 

19.  Object 1 accelerates, uniformly at speed sm /210  and 
acceleration a . In st 10  after beginning of the motion of the object 1, the 
object 2 begins to move from the same point equally, at an initial speed 

sm /1220  and the same accelerating a . Calculate the acceleration a , at 
which the object 2 is able to reach object 1. ( 2/1 sma ). 

20.  The dependence of the distance S  passed by the object on the time 
t  is given by the equation 32 CtBtAtS , where smA /2 , 2/3 smB  
and 3/4 smC . Calculate: a) the dependence of the velocity  and 
acceleration a  on the time t ; b) the distance S  passed by the object, the 
velocity  and the acceleration a  in a time st 2  after the starting of the 
motion.  Draw  a  graph  of  the  dependence  of  the  path  S , velocity  and 
acceleration a  on the time t  for a time interval 30 t s in  0.5  s. 
( 222 /42,/38,24);/)246(,/)1262() smasmmsbsmtasmtta ). 

 
7.2 DYNAMICS 
21. An object with mass kgm 5.0  moves so that the dependence of the 

path S  passed from the object on time t  is  given  by  the  equation  
tAS sin , where cmA 5  and srad / . Find the force F  acting on 

the object through the time st 6/1  after the motion begins. ( HF 123.0 ). 
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22. An object with a mass kgm 5.0  moves rectilinearly, and the 
dependence of the path S  passed on time t  is described by the equation 

32 DtCtBtAx , where 2/5 smC  and 3/1 smD . Find the force F  
acting on the body at the end of the first second of the motion. 
( HF 2 ). 

23.  The aircraft rises and at a height of  kmh 5  reaches a speed of 
hkm /360 . How many times does the work  1A , performed during lifting 

against gravity, exceed the work of 2A , which is to increase the speed of the 
aircraft? ( 10/ 21 AA ). 

24. Find the efficiency factor of engine if it  is known that at a speed of 
hkm /40  the engine consumes a volume of  5.13V  liters of gasoline on 

the path kms 100  and develops a power of kWN 12 . The density of 
gasoline is 33 /108.0 mkg , the specific heat of combustion of gasoline is 

kgMJq /46 . ( 22.0 ). 
25. A person weighing kgm 601 , running at a speed of hkm/81 , 

overtakes a trolley weighing kgm 802 ,  moving  at  a  speed  of  
hkm /9.22 ,  and  jumps on it.  How fast  will  the  trolley  move?  How fast  

will the trolley move if the person ran to meet it? 
( hkmuhkmu /71.1`,/14.5 ). 

26. An airplane flying at a speed of hkm /900  makes a «dead loop». 
What should be the radius of the «dead loop» R , so that the greatest force 
F , pressing the pilot to the seat, is equal to: a) the fivefold force of gravity 
acting on the pilot; b) the tenfold force of gravity acting the on the pilot? 
( mRbmRa 711),1600) ). 

27.  At the lower end of the spring, suspended vertically, another spring 
is attached to the end of which the load is attached. The spring stiffnesses 
are equal to 1k  and 2k . Neglecting the mass of the springs in comparison 
with the weight of the load, find the ratio 

21
/ nn WW  of the potential energies 

of these springs. (
1221 // kkWW pp
). 

28.  Find the force of gravitational interaction F between two protons, 
located at a distance mr 1610  from each other. The proton mass is 

271067.1m  kg. ( NF 441086.1 ). 
29.  What linear velocity v will the artificial satellite of the Earth move 

along a circular orbit: a) at the surface of the Earth; b) at an altitude 
kmh 200  and kmh 7000  from the surface of the Earth? Find the period 
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of revolution T  of the Earth's satellite under these conditions. 
(

.min164,46.5,7000min;281,/79.7
,200)min;251,/91.7,0)

hTkmhhTskm
kmhbhTskmkmha ). 

30.  How many times the kinetic energy kW  of an artificial Earth satellite 
moving in a circular orbit is less than its gravitational potential energy 

pW ? 
( 2/ kp WW ). 

31.  Find the second cosmic velocity 2 ,  i.e.  speed,  which  must  be  
reported  to  the  body  at  the  surface  of  the  Earth,  so  that  it  overcomes  the  
gravity of the earth and forever removed from the Earth. ( skm/2.112 ). 

32. A space rocket flies to the moon. What point of the straight line 
connecting  the  centers  of  mass  of  the  Moon and Earth,  the  rocket  will  be  
gravitated by the Earth and the Moon with the same force? ( kmr 5104.3 ). 

33. Special centrifuges are used to prepare cosmonauts for overloads. 
What frequency of rotation of a centrifuge of radius mR 5 , the seat back 
presses on the pilot with the same force that occurs when the missile is 
accelerated ga 3 ? ( srotn /386.0 ). 

34. A wagon of mass tm 20  moves equally slowly, having an initial 
speed hkm /540  and an acceleration 2/3.0 sma . What is the braking 
force F  acting on the car? How long will the car stop? What distance s car 
will pass to the stop? ( .375,5.0,6 mSstkNF ). 

35. The  object  of  mass  kgm 5.0  moves rectilinearly, and the 
dependence of the path S passed on time t is described by the equation 

32 DtCtBtAx , where 2/5 smC  and 3/1 smD . Find the force F  
acting on the object at the end of the first second of the motion. ( NF 2 ). 

36. Under the action of the force NF 10 , the object moves 
rectilinearly so that the dependence of the path S  passed on time t  is given 
by the equation 2CtBtAS , where 2/1 smC . Find the mass m of the 
object. ( kgm 9.4 ). 

37. A molecule of mass kgm 261065.4 , flying along the normal to the 
wall of the vessel at a velocity sm /600 ,  strikes  against  the  wall  and  
elastically jumps away from it without loss of speed. Find the momentum of 
the force tF  obtained by the wall during the impact. ( sNtF 23106.5 ). 

38.  A ball of mass kgm 1.0 , falling from a certain height, strikes 
against the inclined plane and elastically bounces off from it without loss of 
speed. The angle of inclination of the plane to the horizon is 030 . 
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During the impact, the plane receives a momentum of the force 
sNtF 73.1 . What time t will pass from the moment the ball hits the 

plane to the moment when it will be at the highest point of the trajectory? 
( st 51.0 ). 

 
7.3 ROTATIONAL MOTION 
39. A homogeneous rod of length ml 1  and mass kgm 5.0  rotates in 

a vertical plane about a horizontal axis passing through the middle of the 
rod. What angular acceleration does the rod rotate, if the moment of forces 

mmNM 1.98  acts on it? ( 2/3544.2 srad ). 
40. A tangential force NF 1.98  is applied to the rim of a homogeneous 

disk of radius mR 2.0 . When the disk rotates, the torque of frictional 
forces mNM mp 1.98  acts. Find the mass m of the disk if it is known that 
the disk rotates with an angular acceleration 2/100 srad . ( kgm 36.7 ). 

41. A homogeneous disk of radius mR 2.0  and mass kgm 5  rotates 
about an axis passing through its center perpendicular to its plane. The 
dependence of the angular velocity  of the disc rotation on time t  is given 
by the equation BtA , where 2/8 sradB . Find the tangential force 
F applied to the rim of the disk. Friction is neglected. ( 2/3544.2 srad ). 

42. A cord is wound on a drum of radius mR 5.0 , at the end of which a 
weight of kgm 10 is attached. Find the moment of inertia J  of the drum if 
it is known that the load falls with an acceleration 2/04.2 sma . 
( 25.9 mkgJ ). 

43. A ball of diameter cmD 6  and a mass kgm 25.0 rolls without 
sliding along the horizontal plane with a speed of srevn /4 . Find the 
kinetic energy kW  of the ball. ( JWk 0995.0 ). 

44. The fan rotates at a frequency of rpmn 900 . After switching off the 
fan,  rotating  slower  and slower,  made a  stop  revN 75 .  The  work  of  the  
braking forces JA 4.44 . Find the moment of inertia J  of the fan and the 
moment of the braking forces M . ( mNMmkgJ 32 1022.94;01.0 ). 

45. A horizontal platform weighing kgm 100 rotates about a vertical 
axis passing through the center of the platform, with a frequency of 

rpmn 101 . A person weighing kgm 60  is at the same time on the edge of 
the platform. What frequency n2 will the platform begin to rotate, if a 
person moves from the edge of the platform to its center? Consider the 



 247 

platform as a homogeneous disk, and a human as a point mass. 
( min/22/367.02 rotsrotn ). 

46. The object 1 moves uniformly accelerated, having an initial velocity 
sm /210  and acceleration a . After a time st 10  after the beginning of 

the motion of the object 1, the object 2 begins to move from the same point 
equally fast, having an initial velocity sm /1220  and the same 
acceleration a . Find the acceleration a , at which the object 2. ( 2/1 sma ). 

47. A homogeneous rod of length ml 5.0  makes small oscillations in 
the vertical plane near the horizontal axis passing through its upper end. 
Find the period of oscillation T  of the rod. ( sT 15879.1 ). 

48.  Find the oscillation period T  of the rod of the previous problem if 
the axis of rotation passes through a point located at a distance cmd 10  
from its upper end. ( sT 16.1 ). 

49. Two loads are secured at the ends of the vertical shaft. The center of 
mass is below the middle of the rod at a distance cmd 10 . Find the length 
of the rod l if it is known that the period of small oscillations of the rod with 
loads around the horizontal axis passing through its center is sT 2 . The 
mass  of  the  rod  is  neglected  in  comparison  with  the  mass  of  the  goods.  
( ml 446.0 ). 

50. A hoop with a diameter cmD 5.56  hangs on a nail driven into the 
wall, and makes small oscillations in a plane parallel to the wall. Find the 
period of oscillation T of the hoop. ( sT 5.1 ). 

51.  What is the smallest length l of a filament, to which a homogeneous 
ball of diameter cmD 4  is suspended, so that when determining the period 
of small oscillations T  of a ball,  consider it  as a mathematical pendulum? 
The error  with this assumption should not exceed 1%. ( mL 069.0 ). 

52.  A  homogeneous  ball  is  suspended  on  a  filament  whose  length  l is 
equal to the radius of the ball R . How many times does the period of small 
oscillations 1T  of this pendulum exceed the period of small oscillations 2T  
of a mathematical pendulum with the same distance from the center of mass 
to the point of suspension? ( 05.1/ 21 TT ). 

53. On a drum with a radius cmR 20 , the moment of inertia of which 
21.0 mkgJ , a cord is wound, to the end of which a weight of kgm 5.0  

is attached. Before the rotation of the drum, the height of the load above the 
floor mh 10 . What time t does the load fall to the floor? Find the kinetic 
energy kW  of  the  load  at  the  moment  of  impact  about  the  floor  and  the  
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tension force of the thread T . The friction must be neglected. 
( .1.4;81.0;1.1 NTJWst k ). 

54.  Two weights with different weights are connected by a thread 
thrown over a block whose moment of inertia is 250 mkgJ  and the 
radius is cmR 20 . The moment of frictional force of the rotating block is 

mNM r 1.98 . Find the difference in tension forces of the thread 21 TT  on 
both sides of the block, if it is known that the block rotates with an angular 
acceleration 2/36.2 srad . The block is considered a uniform disk. 
( kHTT 08.121 ). 

55.  A block of mass kgm 1  is fixed at the end of the table. Weights 1 and 
2 of the same mass kgmm 121  are connected by a thread, thrown over the 
block. The coefficient of friction of the weight is about the table 1.0k . Find 
the acceleration a , with which the weights move, and the tension forces 1T and 

2T  of the filaments. The block is considered a uniform disk. Friction in the 
block is neglected. ( NTNTsma 5.4;3.6;/53.3 21

2 ). 
56. A disc with a mass kgm 2  rolls without sliding along the 

horizontal plane with a velocity sm /4 . Find the kinetic energy cW  of 
the disk. ( JWk 24 ). 

57. A ball with a mass kgm 1  rolls without sliding, strikes against the 
wall and rolls away from it. The velocity of the ball before the impact 
against the wall is scm /10 , after the impact scmu /8 . Find the amount 
of heat Q  that is released when the ball hits the wall. ( mJQ 51.2 ). 

 
7.4 CONTINUUM MECHANICS  
58. Find the velocity of carbon dioxide flow through the pipe if it is 

known that in a time min30t , a gas mass kgm 51.0  flows through the 
cross  section  of  the  pipe.  The  gas  density  is  3/5.7 mkg . The pipe 
diameter is .2 cmD  ( sm /12.0 ).  

59. In the bottom of a cylindrical vessel with a diameter mD 5.0  there 
is a circular aperture with a diameter .1 cmd  Find the dependence of the 
rate of lowering the water level in the vessel from the height h  of this level. 
Find the value of this velocity for the height mh 2.0 . ( smm /8.01 ). 

60. There is a vessel with water on the table, in the lateral surface of 
which there is a small hole located at a distance 1h  from the bottom of the 
vessel and at a distance 2h  from the water level. The water level in the 
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vessel is kept constant. What distance l  from the vessel (horizontally) the 
water  jet  falls  on  the  table  in  the  case;  If:  a)  cmhcmh 16,25 21 ; 
b) cmhcmh 25,16 21 ? ( ml 4.0 ). 

61. The vessel filled with water conects with the 
atmosphere through a glass tube fixed in the neck 
of the vessel (Figure 7.1). The crane K  is at a 
distance cmh 22  from the bottom of the vessel. 
Find the velocity  of water leakage from the tap if 
the distance between the lower end of the tube and 
the bottom of the vessel: a) cmh 21 ; 
b) cmh 5.71 ; c) cmh 101 . 
( smcsmbsma /25.1);/04.1);/0) ). 

62. A cylindrical tank with height mh 1  is filled to the brim with 
water. What time t  will all water flow through the hole located at the 
bottom of the tank if the cross-sectional area 2s  of  the  hole  is  400  times  
smaller than the cross-sectional area 1s  of the tank? Compare this time with 
the one that would be needed to drain the same volume of water if the water 
level in the tank was kept constant at a height of mh 1  from the hole. 
( st 3 ). 

63. Water is poured into the vessel,  and a volume of water is poured in 
time per unit time slVt /2.0 . What should be the diameter d of the hole in 
the bottom of the vessel, so that the water in it kept at a constant level 

cmh 3.8 ? ( cmd 4.1 ). 
64. What pressure P  creates a compressor in a paint station, if a jet of 

liquid paint flows out of it at a speed of sm /25 ? The density of the 
paint is 33 /108.0 mkg . 

65.  Liquid flows through the horizontal 
pipe AB (Figure 7.2). The difference in the 
levels of this liquid in tubes a and b is 

cmh 10 . The diameters of tubes a and b 
are the same. Find the velocity  of  the  
fluid flow in the tube AB. ( sm /4.1 ).  

66. Air is blown through the AB tube 
(Figure 7.3). For a unit of time through the 
tube AB flows a volume of air min/5 lVt . 
The cross-sectional area of the wide part of the tube AB is 2

1 2 cmS , and 

Figure 7.1 

Figure 7.2 
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its narrow part and tube abc is equal to 
2

1 5.0 cmS . Find the difference in the h  
levels of the water poured into the tube abc. 
Air density 3/32.1 mkg . ( mmh 6.1 ). 

67. The ball emerges at a constant 
velocity  in a liquid whose density 1  is 4 
times greater than the 2  density of the ball 
material. How many times the frictional 
force 

tpF , acting on a floating ball, is greater 
than the gravitational force mg acting on this ball? ( 3/ mgF ). 

68.  What is the maximum speed  that a rain drop with a diameter 
mmd 33.0  can achieve if the dynamic viscosity of air is 

sPa5102.1 ? ( sm /1.4 ). 
69.  A steel ball of diameter mmd 1  falls with a constant speed 

scm /185.0  in a large vessel filled with castor oil. Find the dynamic 
viscosity of castor oil. ( sPa2 ). 

70.  A mixture of lead pellets with diameters mmd 31  and mmd 12  
was lowered into a tank with glycerin of height mh 1 . How much later 
will smaller pellets fall into the bottom as compared to larger diameter 
pellets? The dynamic viscosity of glycerol is sPa47.1 . ( min4t ). 

71. A cork ball of radius mmr 5  emerges in a vessel filled with castor 
oil. Find the dynamic and kinematic viscosity of castor oil if the ball 
emerges at a constant speed scm /5.3 . ( scmsPa /1.12,09.1 2 ). 

72. A horizontal capillary is inserted into the lateral surface of a cylindrical 
vessel of radius cmR 2 , the inner radius of which is mmr 1  and the length 

cml 2 . Castor oil is poured into the vessel, the dynamic viscosity of which is 
sPa2.1 . Find the dependence of the rate of decrease in the level of castor 

oil in the vessel from the height h of this level above the capillary. Find the 
value of this velocity at cmh 26 . ( sm /103 5 ). 

73.  A horizontal capillary is inserted into the lateral surface of the 
vessel, the inner radius of which is mmr 1  and the length cml 2 . 
Glycerin is poured into the vessel, the dynamic viscosity of which is 

sPa0.1 . The glycerol level in the vessel is kept constant at a height of 
mh 18.0  above  the  capillary.  How  long  will  it  take  to  get  a  volume  of  

glycerin from the capillary 35 cmV ? ( min5.1t ). 

Figure 7.3 
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74.  There is a vessel with a horizontal capillary at the height cmh 51  
from the bottom of the vessel on the table. The internal radius of the 
capillary is mmr 1  and the length is cml 1 . The engine oil is filled into 
the  vessel,  the  density  is  333 /10109.0 mkgkg  and the dynamic 
viscosity sPa5.0 . The level of oil in the vessel is kept constant at a 
height of  cmh 502  above the capillary. What distance l from the end of 
the capillary (horizontally) does the jet of oil fall on the table? ( cml 1.1 ). 

75. The steel ball falls in a wide vessel filled with transformer oil, the 
density of which is 333 /10109.0 mkgkg  and the dynamic viscosity 

sPa8.0 .  Assuming  that  the  Stokes  law  takes  place  at  a  Reynolds  
number 5.0Re  (if we take the diameter of a ball as the value of D ), find 
the limiting value of the diameter of the ball. ( mmD 6.4 ). 

76. Assuming that the laminarity of the motion of a liquid (or gas) in a 
cylindrical tube is preserved at Reynolds number 3000Re  (if we take the 
pipe  diameter  as  the  value  of  D ), show that the conditions of problem 76 
correspond to laminar motion. The kinematic viscosity of the gas is 

sm /1033.1 26 . ( 1800eR ). 
 

7.5 MOLECULAR PHYSICS AND THERMODYNAMICS 
77. What temperature t  has a mass gm 2  of nitrogen occupying a 

volume 3820 cmV  at a pressure of MPap 2.0 ? ( Ct 07 ). 
78.  What volume V  occupies the mass gm 10  of oxygen at a pressure 

of kPap 100  and a temperature of Ct 020 ? ( lV 6.7 ). 
79. The air pressure inside the tightly sealed bottle at a temperature of 

Ct 0
1 7  was kPap 1001 . When the bottle was heated, the cork flew out. 

pU  to what temperature 2t  was  the  bottle  heated,  if  it  is  known  that  the  
stopper flew out at the air pressure in the bottle kPap 130 ? ( Ct 0

2 91 ). 
80. How many times does the air density 1  filling the room in winter 

( Ct 0
1 7 ) exceed its density 2  in summer ( Ct 0

2 37 )? The gas pressure is 
assumed constant. ( 1.1 ). 

81.  Draw mass isotherms gm 5.15  oxygen for temperatures: 
a) Ct 0

1 39 ; b) Ct 0
2 180 . 

82.  In the middle of the capillary pumped out and sealed from both ends 
horizontally,  there  is  a  column  of  mercury  of  length  cml 20 . If the 
capillary is placed vertically, then the mercury column will move to 
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cml 10 .  What pressure p0 was the capillary pumped out? The length of 
the capillary is mL 1 . ( Hgmmp .3750 ). 

83. What should be the weight P  of the object balloon filled with 
hydrogen, so that the resultant lifting force of the ball is 0F , i.e. That the 
ball was in a suspended state? Air and hydrogen are under normal 
conditions. The pressure inside the ball is equal to the external pressure. The 
radius of the ball is cmr 5.12 . ( mHP 96 ). 

84.  At  a  temperature  of  Ct 050 , the saturated water vapor pressure 
kPap 3.12 . Find the density  of water vapor. ( 3/083.0 mkg ). 

85. Find the density  of  hydrogen  at  a  temperature  Ct 010  and a 
pressure kPap 3.97 . ( 3/081.0 mkg ). 

86. Some gas at a temperature of Ct 010 and a pressure of kPap 200  
has a density 3/34.0 mkg . Find the molar mass  of  the  gas.  
( molkg /004.0 ). 

87.  In the vessel 1, the volume 31V  liters is gas at pressure 
MPap 2.01 .  In  vessel  2  the  volume  42V  liters  is  the  same  gas  at  the  

pressure MPap 1.02 . The gas temperatures in both vessels are the same. 
What pressure p will  the  gas  be  if  we connect  the  vessels  1  and 2  with  a  
tube? ( kPap 140 ). 

88.  In the vessel there as gm 141  of nitrogen and the mass gm 92  of 
hydrogen at temperature Ct 010  and at pressure MPap 1 . Find the 
molar mass  of the mixture and the volume V  of the vessel. 
( lVmolkg 7.11;/0046.0 ). 

89. Air contains 23.6% oxygen and 76.4% nitrogen (by weight) at a 
pressure of  kPap 100  and a temperature of Ct 013 . Find the air density 

 and the partial pressures 1p  and 2p  of oxygen and nitrogen. 
( kPapkPapmkg 79;21;/2.1 21

3 ). 
90. A nitrogen molecule flying at a velocity sm /600 , elastically hits 

the vessel wall along its normal. Find the momentum of the force tF  
obtained by the vessel wall during the impact time. ( sNtF 23106.5 ). 

91. The argon molecule, flying at a velocity sm /500 , elastically hits 
the vessel wall. The direction of the velocity of the molecule and the normal 
to the vessel wall make an angle 060 . Find the momentum of the force 

tF  obtained by the vessel wall during the impact time. 
( sNtF 23103.3 ). 
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92.  In a vessel with a volume 4V  liters, there is a mass gm 1  of 
hydrogen. How many molecules n contains  a  unit  of  volume  of  a  vessel?  
( 325105.7 mn ). 

93.  How many N  molecules are in a room of volume 380 mV  at a 
temperature of Ct 017  and at pressure of kPap 100 ? ( 27102N ). 

94. What number of molecules n contains the volume unit of the vessel 
at a temperature of Ct 010  and at pressure Pap 91033.1 ? 
( 311104.3 mn ). 

95. In order to obtain a good vacuum in a glass vessel, it is necessary to 
heat the walls of the vessel when pumping out to remove the adsorbed gas. 
How high can the pressure in a spherical vessel of radius cmr 10  increase 
if  the  adsorbed  molecules  pass  from  the  walls  into  the  vessel?  The  cross-
sectional area of the molecules is 219

0 10 mS . The temperature of the gas 
in the vessel is Ct 0300 . The molecular layer on the walls is considered to 
be monomolecular. ( Pap 4.2 ). 

96. Find the mean square velocity of air molecules at a temperature 
Ct 017 . The molar mass of air is molkg /029.0 . ( sm /5002 ). 

97. Find the ratio of the mean-square velocities of helium and nitrogen 
molecules at the same temperatures. ( 65.2/ 2

2
2

1
). 

98.  Find the number of molecules n  of hydrogen per unit volume of the 
vessel at a pressure Pap 6.266 , if the mean square velocity of its 
molecules is skm /4.2 . ( 324102.4 mn ). 

99.  The  density  of  a  certain  gas  is  3/06.0 mkg , the mean square 
velocity of its molecules is sm /500 . Find the pressure p  that the gas exerts 
on the walls of the vessel. ( kPap 5 ). 

100. The mean square velocity of the molecules of a certain gas under 
normal conditions smsr /461. . How many molecules n contains the unit 
of mass of this gas? ( 1251088.1 kgn ). 

101. Find the internal energy W  of mass gm 20  of oxygen at a 
temperature Ct 010 .  What  part  of  this  energy  is  accounted  for  by  the  
fraction of the translational motion of the molecules and which part is part 
of the rotational motion? ( kJWkJW rot 5.1;2.2 ). 

102. The energy of translational movement of nitrogen molecules in a 
cylinder is 20V , kJW 5 , and the mean square velocity of its molecules 
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is sm /102 3 . Find the mass m of nitrogen in the cylinder and the pressure 
p, under which it is located. ( kPapgm 167;5.2 ). 

103.  The mass kgm 1  of a diatomic gas is under pressure kPap 80  
and has a density 3/4 mkg . Find the energy of the thermal motion W  of 
gas molecules under these conditions. ( JWN 133.0;103.1 19 ). 

104. What number of molecules N  of a diatomic gas contains a volume 
310 cmV  at a pressure kPap 3.5  and at temperature of Ct 027 ? What 

energy of the thermal motion W  do these molecules have? 
( KkgJcbKkgJca pV /910);/650) ). 

105. Find the specific heat from oxygen for: a) constV ; b) constp . 
( KkgJcbKkgJca pV /910);/650) ). 

106.  Find the specific heat 
pc : a) hydrogen chloride; b) neon; c) nitric 

oxide; d) carbon monoxide; e) mercury vapors. 
( KkgJcdKkgJccKkgJcbKkgJca pppp /103);/1040);/1025);/800) ). 

107.  Find the specific heat 
vp cc /  ratio for oxygen. ( 4.1/ vp cc ). 

108.  How many times is the molar heat capacity `C of the explosive gas 
greater than the molar heat capacity ``C of the water vapor obtained during 
its combustion? The problem is solved for: a) constV ; b) constp . 
( 31.1``/`);25.1``/`) ppvv ccbcca ). 

109. Specific heat capacity of the gas mixture consisting of the quantity 

11  kmol of oxygen and some mass 2m  argon, 
Kkg

Jc p 430 . What mass 

of 2m  argon is in the gas mixture? ( kgm 602
). 

110. Mass gm 10 of oxygen is at a pressure of MPap 3.0  and at 
temperature of Ct 010 . After heating at constp , the gas occupied the 
volume 102V  liters. Find the amount of heat Q  obtained by the gas and 
the energy of the thermal motion of the gas molecules W before and after 
heating. ( kJWkJWkJQ 6.7;8.1;9.7 21 ). 

111. In a closed vessel there is a mass gm 14  of nitrogen at a pressure 
MPap 1.01  and a temperature of Ct 0

1 27 . After heating, the pressure in 
the vessel increased fivefold. 

pU  to what temperature Ct 0
2 27  was the gas 

heated? Find the volume V  of the vessel and the amount of heat Q  which 
was given the gas. ( KTlVkJQ 1500;4.12;4.12 2 ). 
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112. How much heat Q  should be given to the mass gm 12  of oxygen 
to heat it at Ct 050  for constp ? ( JQ 545 ). 

113. To heat the mass gm 40  oxygen from the temperature Ct 0
1 16  

to Ct 0
2 40 , the amount of heat JQ 628  was expended. What conditions 

was the gas heated (at constant volume or at constant pressure)? 
( KmolJCx /8.20 ). 

114.  In a closed vessel of volume 2V  liters, nitrogen is present, 
which density is 3/4.1 mkg . How much heat Q  should be reported to 
nitrogen in order to heat it at KT 100 ? ( JQ 208 ). 

115.  In order to heat a certain mass of gas at Ct 0
1 50  at constp , it 

is necessary to spend the quantity of heat JQ 6701 .  If  the  same mass  of  
gas is cooled by Ct 0

2 100  at constV , then the quantity of heat 
JQ 10052 . How many degrees of freedom do the molecules of this gas 

have? ( 6i ). 
116. Helium is in a closed vessel of volume 2V  liters at a temperature 

of Ct 0
1 20  and at pressure kPap 1001 . How much heat Q  should 

helium be given to increase its temperature by Ct 0100 ? What will the 
mean square velocity of its molecules, pressure 2p , helium density 2  and 
energy of thermal motion W  of its molecules be at a new temperature? 
( JWmkgkPapskmJQ 400;/164.0;133;/57.1;102 3

212
2 ). 

117. Find the arithmetic average, the mean square and the most 
probable  in the velocity of gas molecules, which at a pressure of 

kPap 40  has  a  density  3/3.0 mkg . 

( smsmsm /513;/628;/579 2 ). 
118. What temperature T  is the mean square velocity of nitrogen 

molecules greater than their most probable velocity by sm /50 ? 
( KT 83 ). 

119. Which part of the oxygen molecules at Ct 00  has velocities  
from 100 to 110 sm / ? ( %4.0/ NN ). 

120. Which part of the nitrogen molecules at Ct 0150  has velocities  
from 300 to 325 sm / ? ( %8.2/ NN ). 

121. How many times the number of molecules 1N , whose velocities 
lie in the range from  to , is greater than the number of molecules 

2N , whose velocities lie in the interval from 
sq

 to 
sqsq

? 
( %1.1/ 21 NN ). 
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122. Which part of nitrogen molecules at temperature T  has velocities lying in 
the range from  to , where sm /20 , if: a) KT 400 ; b) 

KT 900 ? ( %2.2/,/731)%;4.3/,/487) NNsmbNNsma ). 
123. Which part of nitrogen molecules at a temperature of Ct 0150  has 

velocities lying in the interval from sm /3001  to sm /8002 ? 
( %70/ NNx ). 

124. Which fraction of the total number N  of molecules has velocities: 
a) greater than the most probable velocity b , b) less than the most probable 
velocity b ? ( %43/)%;57/) 21 NNbNNa ). 

125. In the vessel there is a mass gm 5.2  of oxygen. Find the number 

xN  of oxygen molecules whose velocities exceed the mean square velocity. 
( 22109.1xN ). 

126. In the vessel there is a mass gm 8  of oxygen at a temperature 
KT 1600 .  How  many  xN  oxygen molecules have kinetic energy of 

translational motion exceeding the energy JW 20
0 1065.6 ? 

( 22108.1xN ). 
127.  The energy of charged particles is often expressed in electron 

volts: 1 eV is the energy that the electron acquires after passing through the 
electric field the potential difference VU 1 , with 1 eV = 1.60219 • 10-19 J. 
What temperature 0T  is the average kinetic energy of the translational 
motion of the molecules eVW 10 ? At what temperature, 50% of all 
molecules have kinetic energy of translational motion, exceeding the energy 

eVW 10 ? ( KTKT 9600;77300 ). 
128. The molar energy required for the ionization of potassium atoms, 

molkJWi /68.418 . What temperature T  of  the  gas  10% of  all  molecules  
have a kinetic kinetic energy of translational motion exceeding the energy 

iW ? ( KT 41057.1 ). 
129. What height h is  the  air  pressure  75%  of  the  sea  level  pressure?  

The air temperature is assumed to be constant and equal to Ct 00 . 
( kmh 3.2 ). 

130. The passenger plane performs flights at a height of mh 83001 . In 
order not to provide passengers with oxygen masks, a constant pressure is 
maintained in the cabin with the help of a compressor, corresponding to a 
height of mh 27002 . Find the difference p  of pressures inside and 
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outside the cabin. The temperature of the outside air is assumed to be equal 
to Ct 0

1 0 . ( kPapkPapkPap 3.36;5.72;8.35 21 ). 
131.  Find in the previous task how many times the air density 2  in the 

cabin is greater than the density 1  of the air outside it, if the outside air 
temperature is Ct 0

1 20 ,  and  the  air  temperature  in  the  cabin  is  
Ct 0

2 20 . (1.7 times). 
132.  Find the air density : a) near the surface of the Earth; b) at an 

altitude kmh 4  from the Earth's surface. The air temperature is assumed to 
be constant and equal to Ct 00 . The air pressure at the Earth's surface is 

kPap 1000 . ( 33 /78.0);/28.1) mkgbmkga ). 
133.  What height h is  the  density  of  gas  half  the  density  at  sea  level?  

The temperature of the gas is assumed to be constant and equal to Ct 00 . 
The  problem  is  solved  for  air,  molkg /1029 3 . 
( kmhbkmha 80);5.5) ). 

134.  Find the mean free path of air molecules under normal conditions. 
The diameter of the air molecules is nm3.0 . ( nm93 ). 

135. Find the average number of collisions of z  per unit time of carbon 
dioxide molecules at a temperature of Ct 0100  if  the  mean  free  path  

m870 . ( 15109.4 sz ). 
136.  In a vessel of volume 5.0V  liters, oxygen is present under 

normal conditions. Find the total number of collisions Z  between oxygen 
molecules in this volume per unit time. ( 31103Z ). 

137. How many times will the number of collisions z  decrease per unit 
time of the molecules of a diatomic gas if the volume of the gas is doubled 
adiabatically? (2.3. times). 

138. Find the mean free path of nitrogen molecules at a pressure 
kPap 10  and a temperature Ct 017 . ( m1 ). 

139. At a certain pressure and temperature, Ct 00 , the mean free path 
of oxygen molecules is nm95 . Find the average number of collisions of 
z  per unit time of oxygen molecules, if at the same temperature the oxygen 
pressure is reduced by a factor of 100. ( 17105.4 sz ). 

140. Under certain conditions, the mean free path of gas molecules is 
nm160 ; the average arithmetic velocity of its molecules is skm /95 . 

Find the average number of collisions per unit time of molecules of this gas, 
if at the same temperature the gas pressure is reduced by 1.27 times. 
( 19106.9 sz ). 
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141. There is carbon dioxide in the vessel, the density of which is 
3/7.1 mkg . The mean free path of its molecules is nm79 . Find the 

diameter of the molecules of carbon dioxide. ( nm35.0 ). 
142.  Find the average time between two consecutive collisions of 

nitrogen molecules at a pressure of Pap 133  and a temperature of 

Ct 010 . ( s7106.1 ). 
143. What pressure p should be created inside the spherical vessel, so 

that the molecules do not collide with each other if the diameter of the 
vessel: a) cmD 1 ; b) cmD 10 ; c) cmD 100 ?  The diameter  of  the  gas  
molecules is nm3.0 . ( mPacmPabmPapa 31.9);1.93);931) ). 

144. Find the average number of collisions per unit time of molecules of 
a certain gas, if the average mean free path is m5 , and the mean square 
velocity of its molecules is sm /500 . ( 17102.9 sz ). 

145. Find the diffusion coefficient D  of hydrogen under normal 
conditions, if the average mean free path is m16.0 . ( smD /101.9 25 ). 

146. Find the mass m of nitrogen passing through the site 201.0 mS  
over time st 10 , if the density gradient in the direction perpendicular to 
the site, 4/26.1/ mkgx . The temperature of nitrogen is Ct 027 . The 
mean free path of nitrogen molecules is m10 . ( mgm 2 ). 

147.  Find the viscosity  of nitrogen under normal conditions, if the 
diffusion coefficient for it is smD /1042.1 25 . ( sPa8.17 ). 

148. Find the diffusion coefficient D  and  the  viscosity   of  air  at  a  
pressure kPap 3.101  and a temperature Ct 010 .  The diameter of the air 
molecules is nm3.0 . ( sPasmD 5.18;/1048.1 25 ). 

149.  What is the maximum speed  that a rain drop with a diameter 
mmD 3.0  can achieve? The diameter of the air molecules is nm3.0 . 

Air temperature Ct 020 .  To  consider  that  the  Stokes  law  holds  for  each  
raindrop ( sm /72.2 ). 

150. The aircraft flies at a speed of hkm /360 . Assuming that the air 
layer at the wing of the aircraft, dragged by viscosity, cmd 4 , find the 
tangential force SF  acting per unit surface of the wing. The diameter of the 
air molecules is nm3.0 . Air temperature Ct 00 . ( 2/45 mmNFs

). 
151. Find the thermal conductivity k  of hydrogen, whose viscosity 

sPa6.8 . ( KmmWK /90 ). 
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152.  How much heat Q  loses the room in time ht 1  through the 
window due to the thermal conductivity of the air enclosed between the 
frames? The area of each frame is 24 mS , the distance between them is 

cmd 30 . The room temperature is Ct 0
1 18 , the outside temperature is 

Ct 0
2 20 . The diameter of the air molecules is nm3.0 .  The  air  

temperature between the frames should be considered equal to the average 
arithmetic temperatures of the room and the outside air. The pressure 

kPap 10  ( kJQ 9.23 ). 
153.  Mass gm 10  of oxygen is at a pressure of kPap 300  and a 

temperature of Ct 010 . After heating at constp ,  the  gas  occupied  a  
volume 10V  liters. Find the quantity of heat Q  obtained by the gas, the 
change W  of the internal energy of the gas, and work A , which is 
accomplished by the gas upon expansion 
( kJAkJWkJQ 26.2;66.5;92.7 ). 

154. The amount of heat kJQ 093.2  is transfered to the diatomic gas. 
The gas expands at constp . Find a job A  gas expansion. ( JA 600 ). 

155.  In a vessel of volume 5V  liters  there  is  a  gas  at  a  pressure  
kPap 200  and a temperature Ct 017 . In the case of isobaric expansion 

of gas, work was performed JA 196 . How much was the gas heated? 
( KT 57 ). 

156. With the isothermal expansion of the mass gm 10  of nitrogen at 
a temperature of Ct 017 , the work  JA 860  was performed. How many 
times did the pressure of nitrogen under the expansion change? (2.72 times). 

157. The work of the isothermal expansion of the mass gm 10  of  a  
certain gas from the volume 1V  to 12 2VV  turned out to be equal to 

JA 575 . Find the mean square velocity of the gas molecules at this 

temperature. ( sm /5002 ). 
158. The volume 5.71V  liters of oxygen is adiabatically compressed to 

a volume 112V , with the pressure MPap 6.12  being established at the 
end of compression. Under what pressure 1p  was the gas before 
compression? ( kPap 951 ). 

159. The gas widens adiabatically, with its volume doubling, and the 
thermodynamic temperature drops 1.32 times. How many degrees of 
freedom i have the molecules of this gas? ( 5i ). 
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160.  The diatomic gas, which is at a pressure MPap 21  and a 
temperature of  Ct 027 , is compressed adiabatically from the volume 1V  to 

12 5.0 VV .  Find  the  temperature  t2 and the gas pressure 2p  after 
compression. ( MPapCt 28.5;123 2

0
2 ). 

161.  The gas under the normal conditions is located in the vessel under 
the piston. The distance between the bottom of the vessel and the bottom of 
the piston is cmh 25 .  When  a  weight  of  kgm 20 was  placed  on  the  
piston, the piston dropped to cmh 4.13 . Assuming the compression is 
adiabatic, find the ratio 

vp cc /  for  a  given gas.  The  cross-sectional  area  of  
the piston is 210 cmS . Mass of the piston is neglected. ( 4.1/ vp cc ). 

162. The gas expands adiabatically so that its pressure drops from 
kPap 2001  to kPap 1002 . Then it is heated at a constant volume to the 

original temperature, and its pressure becomes kPap 122 .  Find  the  ratio  

vp cc /  for this gas. Draw a graph of this process. ( 4.1/ vp cc ). 
163. With adiabatic compression of the quantity kmol1  of diatomic 

gas, work kJA 146  was performed. How much did the gas temperature 
increase during compression? ( KT 7 ). 

164.  How many times will the average quadratic velocity of the 
molecules of a diatomic gas decrease when the gas volume doubles 
adiabatically? (1.15 times). 

165. Mass gm 10  of oxygen, which is under normal conditions, is 
compressed to the volume 4.12V  liters. Find the pressure 2p  and the 
oxygen temperature 2t  after compression, if oxygen is compressed: 
a) isothermally; b) adiabatically. Find work A  compression in each of these 
cases. (

JAKTkPapb
JAKTkPapa

1590,520,960)
;1140,273,510)

22

22 ). 

166. The mass gm 10 of air at a pressure kPap 1501  and temperature 
Ct 0

1 30 , widens adiabatically and the pressure drops to kPap 1002 . How 
many times has the air volume increased? Find the final temperature 2t  and 
the work A , completed by the gas upon expansion. 
( kJAKTVV 23,270,33.1/ 212

). 
167. The ideal thermal machine operating in the Carnot cycle, receives 

from the heater the amount of heat kJQ 512.21  per cycle. The temperature 
of the heater KT 4001 , the temperature of the refrigerator KT 3002 . 
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Find the work A  done by the machine in one cycle and the amount of heat 
2Q given to the refrigerator in one cycle. ( JAkJQ 630,88.12 ). 

168. The ideal thermal machine, operating in the Carnot cycle, performs 
in  one  cycle  the  work  kJA 94.2  and  delivers  in  one  cycle  to  the  
refrigerator the amount of heat kJQ 4.132 . Find the efficiency of the 
cycle. ( %18 ). 

169. The ideal thermal machine; working on the Carnot cycle, performs 
in one cycle the work kJA 5.73 . The temperature of the heater Ct 0

1 100 , 
the temperature of the refrigerator Ct 0

2 0 . Find the efficiency of the cycle, 
the amount of heat 1Q  received by the machine in one cycle from the heater, 
and the amount of heat 2Q  given per cycle to the refrigerator. 
( kJQkJQ 200,274%,8.26 21 ). 

170. The ideal thermal machine operates on the Carnot cycle. Air at a 
pressure kPap 7081  and a temperature of Ct 0

1 127  occupies a volume of 
21V  liters. After the isothermal expansion, the air occupied the volume 
52V  liters; After adiabatic expansion, the volume became equal to 83V  

liters. Find: a) the coordinates of the intersection of isotherms and adiabats; 
b) work A , performed at each section of the cycle; c) the complete work A , 
performed for the entire cycle; d) the efficiency of the cycle; e) the amount 
of heat 1Q  received from the heater in one cycle; f) the amount of heat 2Q  
given to the refrigerator in one cycle. 

(

.1070).1300).175.0).230)
.620;1070;620;1300)

.365,22.3;146
,8;284,5;708,2)

21

4321

443

31211

JQfJQedJAAc
JAJAJAJAb

kPaplVkPap
lVkPaplVkPaplVa

i

). 

171.  The ideal refrigerating machine, operating in the reverse Carnot 
cycle, performs in one cycle the work kJA 37 .  In this case, it  takes heat 
from the object with a temperature of Ct 0

2 10  and transfers heat to the 
object with temperature Ct 0

1 17 . Find the efficiency of the cycle, the 
amount of heat 2Q taken from the cold object in one cycle, and the amount 
of heat 1Q  transferred to the hotter object in one cycle. 
( kJQkJQ 360;397;.093.0 21 ). 

172.  The room is heated by a refrigeration machine operating in the 
reverse Carnot cycle. How many times the amount of heat Q  obtained by 
the room from the combustion of wood in the stove is less than the amount 
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of heat `Q transferred to the room by the refrigeration machine, which is 
driven  by  a  heat  engine  consuming  the  same  mass  of  wood?  The  heat  
engine operates between temperatures Ct 0

1 100  and Ct 0
2 0 . The room 

should be maintained at a temperature of Ct 0
1 16` . The ambient 

temperature is Ct 0
2 10` . ( 3`/QQ ). 

173. A  steam  engine  with  a  power  kWP 7.14  consumes a mass 
kgm 1.8  of coal with the specific heat of combustion kgMJq /33  for a 

time ht 1  of operation. The boiler temperature Ct 0
1 100 , the temperature 

of the refrigerator Ct 0
2 58 . Find the actual efficiency of the machine and 

compare it with the efficiency of an ideal thermal machine operating along 
the Carnot cycle between the same temperatures. ( 3.0`,2.0 ). 

174.  A steam engine with a power 
kWP 7.14  has a piston area 

202.0 mS ; Stroke of the piston 
cmh 45 . The isobaric process of the 

aircraft (Figure 7.4) occurs when the 
piston moves one third of its stroke. 
The volume 0V  is neglected in 
comparison with the volumes 1V  
and 2V . The steam pressure in the 
boiler is MPap 6.11 , the vapor 
pressure in the refrigerator is MPap 1.02 .  How  many  cycles  does  the  
machine do in a time min1t  if the adiabatic index 3.1 ? ( cicles104 ). 

175. In  the  cylinders  of  the  carburetor  internal  combustion  engine,  the  
gas is compressed polytropically to 6/12 VV . The initial pressure 

kPap 901 , the initial temperature Ct 0
1 127 . Find the pressure 2p  and the 

temperature 2t  of gas in the cylinders after compression. The polytropic 
index is 3.1n . ( KTkPap 686;930 22 ). 

176.  In cylinders of a carburetor internal combustion engine, the gas is 
compressed polytropically so that after compression, the gas temperature 
becomes Ct 0

2 427 . The initial gas temperature is Ct 0
1 140 . The 

compression ratio is 8.5/ 12 VV . Find the polytropic exponent n . ( 3.1n ). 
177.  The carburetor engine with a power WP 5.735  consumes for a 

time ht 1  the minimum weight gm 265  of  gasoline.  Find  the  loss  of  
gasoline for friction, thermal conductivity, etc. The compression ratio is 

Figure 7.4 
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2.6/ 21 VV . Specific heat of combustion of gas oline kgMJq /46 . The 
polytropic index 2.1n . ( %8 ). 

178. The internal combustion engine of a diesel engine has a degree of 
adiabatic compression 16  and a degree of adiabatic expansion 4.6 . 
What is the minimum mass m of oil consumed by an engine with a power 

kWP 8.36  for a time ht 1 ? The adiabatic exponent is 3.1 . Specific 
heat of combustion of oil kgMJq /46 . ( kgm 9.5 ). 

179.  Find the variation S  of the entropy in the transformation of the 
mass gm 10  of ice ( Ct 0

1 20 ) into steam ( Ct 0
2 100 ). ( KJS /88 ). 

180. Find the change S  of entropy when the mass gm 1  of water 
( Ct 0

1 0 ) is converted into steam ( Ct 0
2 100 ). ( KJS /4.7 ). 

181.  Find the variation S  of entropy for melting the mass gm 1  of 
ice ( Ct 00 ). ( KJS /1230 ). 

182. Find the variation S  of entropy in the transition of the 
mass gm 8  of oxygen from the volume 101V  liters at a temperature of 

Ct 0
1 80  to a volume of 402V  liters at a temperature of Ct 0

2 300 . 
( KJS /4.5 ). 

183.  Find the change S  of entropy when the mass gm 8  of hydrogen 
is transferred from the volume lV 201  at  a  pressure  of  kPap 1501  to  a  
volume of lV 602  at a pressure of kPap 1002 . ( KJS /71 ). 

184.  Mass gm 6.6  of hydrogen expands isobarically from volume 1V  
to volume 12 2VV . Find the variation S  of the entropy under this 
expansion. ( KJS /3.66 ). 

185. Find the variation S  of the entropy in the isobaric expansion of 
the mass gm 8  of helium from the volume 101V  liters to the volume 

252V  liters. ( KJS /1.38 ). 
186. Find the variation S  of entropy in the isothermal expansion of the 

mass gm 6 of hydrogen from the pressure kPap 1001  to the pressure 
kPap 502 . ( KJS /3.17 ). 

187.  Mass gm 5.10  of nitrogen isothermally expanding from volume 
21V liters to volume 52V  liters. Find the variation S  of entropy in this 

process. ( KJS /9.2 ). 
188.  Mass gm 5.10  of oxygen is heated from the temperature 

Ct 0
1 50  to the temperature Ct 0

2 150 . Find the variation S  of entropy if 
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heating occurs: a) isochorically; b) isobaric. 
( KJSbKJSa /46.2);/76.1) ). 

189.  When the quantity kmol1  of a diatomic gas is heated, its 
thermodynamic temperature increases from 1T  to 12 5.1 TT . Find the 
variation S  of entropy if heating occurs: a) isochorically; b) isobaric. 
( KJSbKJSa /11793);/5.8423) 2121 ). 

190. As a result of heating the mass gm 22 of nitrogen, its 
thermodynamic temperature increased from 1T  to 12 2.1 TT , and entropy 
increased by KJS /19.4 .  Under  what  conditions  was  the  heating  of  
nitrogen (at constant volume or at constant pressure)? (heating was carried 
out at p = const). 

191. The volume 3
1 1 mV  of  air  at  a  temperature  of  Ct 0

1 0  and a 
pressure of kPap 981  is isothermally expanded from the volume 1V  to the 
volume 12 2VV . Find the variation S  of entropy in this process. 
( KJS /500 ). 

192. The change in entropy between the two adiabats in the Carnot 
cycle KkJS /19.4 . The temperature difference between two isotherms is 

KT 100 . How much heat Q  is converted to work in this cycle? 
( kJQ 420 ). 

 
7.6 ELECTRICITY 
193. Find the force F of attraction between the nucleus of the hydrogen 

atom and the electron. The radius of the hydrogen atom mr 10105.0 ; the 
charge of the nucleus is equal in absolute value and opposite in sign to the 
charge of the electron. ( nNF 3.92 ). 

194. Two point charges, being in the air ( 1) at a distance cmr 201  
from each other, interact with some force. What distance 2r  do you need to 
place these charges in the oil to get the same interaction force? 
( cmr 94.82 ). 

195.  How many times the force of gravitational attraction between two 
protons is less than the force of their electrostatic repulsion? The proton 
charge is equal in absolute value and opposite in sign to the charge of the 
electron. ( times361025.1 ). 

196. Find the force F  of the electrostatic repulsion between the nucleus 
of the sodium atom and the proton bombarding it, assuming that the proton 
has approached the nucleus, the sodium atom, at a distance mr 11106 .  



 265 

The charge of the sodium nucleus is 11 times that of the proton charge. The 
influence of the electron shell of the sodium atom is neglected. ( NF 7.0 ). 

197. How many times the energy elW  of the electrostatic interaction of 
two particles with charge q  and mass m is greater than the energy 

grW  of 
their gravitational interaction? The problem is solved for: a) electrons; 
b) protons. ( 3642 1024.1/);1017.4/) gege WWbWWa ). 

198.  Find the strength E  of the electric field at a point in the middle 
between point charges nCq 81  and nCq 62 . The distance between 
charges cmr 10 ; 1E . ( mkVE /4.50 ). 

199. The negative charge q0 is placed in the center of the square, at each 
vertex of which there is a charge nCq 33.2 .  Find  this  charge  if  the  
resultant force NF 1.0  acts on each charge q . ( nCq 23.20 ). 

200.  Two point charges nCq 5.71  and nCq .7.142  are located at a 
distance cmr 5 . Find the intensity E  of the electric field at a point 

cma 3  from the positive charge and cmb 4  from negative charge. 
( mkVE /112 ). 

201. Two balls of the same radius and mass are suspended on filaments 
of the same length, so that their surfaces come into contact. What charge q  
should  be  reported  to  the  balls,  so  that  the  tension  of  the  threads  becomes  

mNT 98 ?  The  distance  from  the  center  of  the  ball  to  the  point  of  
suspension is cml 10 ; the mass of each ball is gm 5  ( Cq 1.1 ). 

202. Two charged balls of the same radius and mass are suspended on 
filaments of the same length and dropped into a liquid dielectric whose 
density is equal to  and the dielectric constant is equal to . What should 
be the density 0  of the material of the balls, so that the angles of the 
divergence of the filaments in the air and in the dielectric were the same? 
( )1/(0

). 
203. Find the force F  acting on the charge Cq 2 , if the charge is 

placed: a) at a distance cmr 2  from a charged filament with a linear 
charge density mC /2.0 ;  b)  in  the  field  of  a  charged  plane  with  a  
surface charge density 2/20 mC ; c) at a distance cmr 2  from the 
surface of a charged sphere with a radius cmR 2  and a surface charge 
density 2/20 mC . The dielectric constant of the medium is 6 . 
( .8.62);126);20) NFcNFbNFa ). 
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204.  Find the electric field strength E  at a distance nmr 2.0  from the 
monovalent ion. The charge of the ion is considered to be a point charge. 
( mGVE /36 ). 

205.  With what force eF  the electric field of a charged infinite plane 
acts per unit length of a charged infinitely long thread placed in this field? 
The linear charge density on the filament is mC /3  and the surface 
charge density in the plane is 2/20 mC . ( mNFl /4.3 ). 

206. With what force F  per unit length, two equally charged infinitely 
long threads with the same linear charge density mC /3 ,  located  at  a  
distance cmr 21  from each other, repel? What kind of work eA  per unit 
length should be done to move these threads to a distance cmr 12 ? 
( mJAmNF ll /112.0;/1.8 ). 

207. A copper sphere of radius cmR 5.0  is placed in the oil. The oil 
density 33 /108.0 mkg . Find the charge q  of the ball if in a uniform 
electric field the ball is suspended in the oil. The electric field is directed 
vertically upwards and its intensity is mMVE /6.3 . ( nKq 11 ). 

208. In a flat horizontally arranged condenser, a charged droplet of mercury 
is in equilibrium at an electric field strength mkVE /60 . The charge of the 
drop is CGSqq 9104.2 . Find the radius R  of the drop. ( mR 44.0 ). 

209. At a point A located at a distance cma 5  from an infinitely long 
charged filament, the electric field strength mkVE /150 . What limit 
length l  of the filament does the found value of the tension will be correct 
to within 2% if the point A is on the normal to the middle of the filament? 
What is the strength E of the electric field at point A,  if  the  length  of  the  
filament is cml 20 ? The linear density of a charge on a filament of finite 
length is assumed equal to the linear density of a charge on an infinitely 
long thread. Find the linear density of the charge  on the filament. 
( ./41.0;/135;49.0 mKmkVEml ). 

210.  The electric field strength on the axis of the charged ring has a 
maximum value at a distance L  from  the  center  of  the  ring.  How  many  
times the intensity of the electric field at a point located at a distance of 

L5.0  from the center of the ring will be less than the maximum value of the 
tension? ( times3.1 ). 

211. The diameter of a charged disk cmD 25 . What limit distance 
from a disk along the normal to its center, the electric field can be regarded 
as a field of an infinitely extended plane? An error with this assumption  
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should not exceed 05.0 . Note. The permissible error is 212 /)( EEE , 
where 2E  is the field strength of the infinitely extended plane, 1E  is  the  
field strength of the disk. ( cma 2.1 ). 

212. A ball of mass mgm 40 , having a positive charge nCq 1 , moves 
with a velocity scm /10 . What distance r  can  the  ball  approach  to  a  
positive dot charge nCq 33.10 ? ( cmr 6 ). 

213. What distance r  can two electrons come together to, if they move 
towards each other at a relative velocity sm /106

0
? ( .101.5 10 mr ). 

214.  Two balls with charges nCq 66.61  and nCq 33.132  are  at  a  
distance cmr 401 . What kind of work A  should be done to bring them 
closer to a distance cmr 252 ? ( JA 2.1 ). 

215. Find the potential  of the point of the field located at a distance 
cmr 10  from  the  center  of  the  charged  sphere  of  radius  cmR 1 . The 

problem  should  be  solved  if:  a)  the  surface  charge  density  on  the  ball  is  
2/1.0 mC ; b) the potential of the ball is V3000 . 

( VbVa 30);3.11) ). 
216.  What work A occurs when a point charge nCq 20  is transferred 

from infinity to a point at a distance cmr 1  from the surface of a sphere of 
radius cmR 1  with a surface charge density 2/10 mC . ( JA 113 ). 

217.  A ball with mass gm 1  and charge nCq 210  is moved from 
point 1, the potential of which is V6001 , to the point 2 whose potential 
is 02 . Find its velocity at point 1 if at point 2 it becomes equal to 

scm /202 . ( scm /7.161 ). 
218.  At a distance cmr 41  from an infinitely long charged filament 

there is a point charge nCq 66.0 . Under the influence of the field, the 
charge approaches the filament to a distance cmr 22 , while the work 

ergA 50  is performed. Find the linear charge density ? ( mK /6.0 ). 
219. A point charge nCq 66.0  is located near the charged infinitely 

extended plane. The charge travels along the line of field strength to a 
distance cmr 2 ;  while  the  work  ergA 50  is  performed.  Find  the  
surface charge density  in the plane. ( 2/6.6 mK ). 

220.  The potential difference between the plates of a flat capacitor 
VU 90 . The area of each plate is 260 cmS , its charge is nCq 1 . What 

distance d  are the plates from each other? ( mmd 8.4 ). 
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221.  A flat capacitor can be used as sensitive microbalances. In a flat 
horizontally located capacitor, the distance between the plates is 

mmd 84.3 , there is a charged particle with a charge CGASqq 91044.1 . 
In order for the particle to be in equilibrium, a potential difference VU 40  
must be applied between the plates of the capacitor. Find the mass m  of the 
particle. ( kgm 16101.5 ). 

222. In a flat horizontally arranged condenser, the distance between the 
plates is cmd 1 ,  there  is  a  charged droplet  of  mass  gm 11105 . In the 
absence of an electric field, a drop due to air resistance drops at a certain 
constant speed. If a potential difference VU 600  is applied to the plates of 
the capacitor, then the droplet drops twice as slowly. Find the charge q  of 
the droplet. ( Kq 18101.4 ). 

223.  A speck of  dust  falls  between the  two vertical  plates  at  the  same 
distance from them. Due to air resistance, the dust particle falls at a constant 
speed scm /21 . What time t, after a voltage difference of kVU 3  is 
applied to the plates, a speck of dust reaches one of the plates? What 
distance l along the vertical does the dust particle fly before it hits the plate? 
The distance between the plates is cmd 2 , the dust mass gm 9102 , its 
charge is Cq 17105.6 . ( st 1 ). 

224. Between two vertical plates, located at a distance cmd 1  from 
each other, a charged bubble ball weighing gm 1.0  hangs on the filament. 
After feeding a potential difference kVU 1  to the plates, the filament with 
the ball is deflected by an angle 010 . Find the charge q  of the ball. 
( nKq 73.1 ). 

225.  An electron, having traveled in a flat capacitor from one plate to 
the other, acquires a velocity sm /106 . The distance between the plates 
is mmd 3.5 . Find the potential difference U  between the plates, the 
electric field strength E  in the capacitor and the surface charge density  
on the plates. ( 2/7.4;/530;8.2 mnKnVEVU ). 

226.  The electric field is formed by two parallel plates, located at a 
distance cmd 2  from each other. The potential difference VU 120 is 
applied to the plates. What velocity  will an electron receive under the 
action of a field, passing a distance mmr 3  along the line of tension? 
( sm /1053.2 6 ). 

227.  The electron enters a planar horizontally located capacitor at a 
certain speed parallel to the plates at an equal distance from them. The field 
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strength in the capacitor is mVE /100 ; the distance between the plates 
cmd 4 . What time t after the electron has flown into the capacitor, will it 

fall on one of the plates? What distance S from the beginning of the 
capacitor does an electron get to the plate if it is accelerated by a potential 
difference VU 60 ? ( cmSnst 22;480 ). 

228. The electron enters a flat horizontally located capacitor parallel to 
the plates at a velocity sm /109 6

0
. The potential difference between the 

plates is VU 100 ; the distance between the plates is cmd 1 . Find the 
total a, normal an, and tangential acceleration of the electron through the 
time st 10  after the start of its motion in the condenser. 
( 2214214 /6.17;/108;/107.15 smasmasma n ). 

229.  The proton and the  particle, moving at the same velocities, 
enter the flat capacitor parallel to the plates. How many times will the 
deviation of the proton by the capacitor field be greater than the deflection 
of the  particle? (2 times). 

230.  A  proton  and  an   particle accelerated by the same potential 
difference fly into a flat capacitor parallel to the plates. How many times 
will the deviation of the proton by the capacitor field be greater than the 
deviation of the  particle? (The deviation of the proton and  particle will 
be the same). 

231.  A beam of electrons accelerated by a potential difference 
VU 3000  passes through an uncharged flat horizontally located condenser 

parallel to its plates, giving a luminous spot on a fluorescent screen located 
at a distance cmx 12  from the  end of  the  condenser.  When charging the  
capacitor, the spot on the screen is shifted by a distance cmY 3 . The 
distance between the plates is cmd 4.1 ;  the  length  of  the  capacitor  is  

cml 6 . Find the potential difference U  applied to the plates of the 
capacitor. ( VU 28 ). 

232. Find the capacity from the globe. Read the radius of the globe 
kmR 6400 . How much will the potential  of the globe change if it is told 

to charge Cq 1 ? ( VFC 1400,710 ). 
233.  The ball,  charged to the potential V792 , has a surface charge 

density 2/333 mnC . Find the radius r  of the ball. ( cmr 1.2 ). 
234.  Two balls of the same radius cmr 1  and masses kgm 15.0  are 

charged to the same potential kV3  and are at some distance 1r  from 
each other. At the same time, their energy of gravitational interaction is 
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JWgr
1110 . The balls approach each other to the distance 2r . The work 

needed to bring the balls closer, JA 6102 . Find the energy elW  of  the  
electrostatic interaction of the balls after they approach each other. 
( JWel

61066.2 ). 
235.  The area of plates of a flat air condenser 21 mS , the distance between 

them is mmd 5.1 . Find the capacitance C  of this capacitor. ( nFC 9.5 ). 
236. The area of plates of a flat air-cooled condenser 201.0 mS , the 

distance between them is mmd 5 . The potential difference VU 3001  is 
applied to the plates. After the capacitor is disconnected from the voltage 
source, the space between the plates is filled with ebonite. What will be the 
potential difference 2U  between the plates after filling? Find capacitances 

1C  and 2C  and surface charge densities 1  and 2  on the plates before and 
after filling. ( 2

2121 /531,46,7.17 mnKpFCpFC ). 
237. Plate area of a flat capacitor 201.0 mS , the distance between them 

is cmd 1 . A potential difference VU 300  is applied to the plates. In the 
space between the plates there is a plane-parallel plate of glass with a 
thickness cmd 5.01  and a parabolic parallel plate with a thickness 

cmd 5.02 .  Find  the  electric  field  strengths  1E  and 2E  and the potential 
drop 1U  and 2U  in each layer. What will be the capacitance C  of  the  
capacitor and the surface charge density  on the plates? 
( 2

21 /8.0,6.26,225,75 mKpFCVUVU ). 
238.  A potential difference VU 100  is applied between the plates of a 

flat capacitor, located at a distance cmd 1  from each other. A plane-
parallel plate of crystalline thallium bromide ( 173) with thickness 

mmd 5.90  adjoins one of the plates. After the capacitor is disconnected 
from the voltage source, the crystal plate is removed. What will be the 
potential difference U  between the plates of the capacitor after this? 
( kVU 8.1 ). 

239.  The vacuum cylindrical capacitor has a radius of the inner cylinder 
cmr 5.1  and  the  radius  of  the  outer  cylinder  is  cmR 5.1 . A potential 

difference kVU 3.2  is applied between the cylinders. What is the velocity 
 of the electron under the action of the field of this condenser, moving 

from a distance cml 5.21  to a distance cml 22  from the axis of the 
cylinder? ( sm /1046.1 7 ). 
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240. The cylindrical capacitor consists of an inner cylinder of radius 
mmr 3 , two layers of dielectric and an outer cylinder of radius cmR 1 . 

The first layer of dielectric thickness mmd 31  adjoins the inner cylinder. 
Find the ratio of the potential drop 21 /UU  in these layers. ( 35.1/ 21 UU ). 

241. Find the capacitance C  of a spherical capacitor consisting of two 
concentric spheres with radii mmr 10  and cmR 5.10 . The space between 
the spheres is filled with oil. Which radius 0R  should have a ball placed in 
the oil in order to have the same capacity? ( mRnFC 1.2,17.1 0 ). 

242. Radius of the inner sphere of the vacuum spherical capacitor 
cmr 1 ,  radius  of  the  outer  sphere  cmR 4 . A potential difference 

kVU 3  is applied between the balls. What speed does the electron get, 
approaching the center of the balls from a distance cmx 31  to a distance of 

cmx 22 ? ( sm /1054.1 7 ). 
243. By means of an electrometer, the capacitances of the two 

capacitors were compared. To do this, they were charged to the potential 
differences VU 3001  and VU 1002  and connected the two capacitors in 
parallel. The potential difference between the capacitor plates measured by 
the electrometer turned out to be equal to VU 250 . Find the capacitance 
ratio 21 / CC . ( 3/ 21 CC ). 

244. What extent can the capacitance C  of a system consisting of two 
capacitors of variable capacitance change, if the capacitance iC  of each of 
them varies from 10 to 450 pF? (The capacitance C of the capacitor system 
varies from 20 to 900 pF in parallel connection and from 5 to 225 pF in the 
series). 

245.  A capacitor with a capacitance FC 20  is charged to a potential 
difference VU 100 . Find the energy W  of this capacitor. ( JW 1.0 ). 

246.  A sphere of radius mR 1  is charged to a potential of kV30 . 
Find the energy W  of the charged sphere. ( JW 05.0 ). 

247.  A ball  immersed in  kerosene  has  a  potential  of  kV5.4  and a 
surface charge density 2/3.11 mC . Find the radius R , the charge q, the 
capacitance C , and the energy W  of the ball. 
( JWpFCnCqmmR 8.15;55.1;7;7 ). 

248.  A ball  1  of  radius  cmR 101 , charged to the potential kV31 , 
after disconnection from the voltage source is connected with a wire (whose 
capacity can be neglected) first with the remote. Uncharged ball 2, and then 
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after detachment from the ball 2 with the removed uncharged ball 3. Balls 2 
and 3 have radii cmRR 1021 . Find: a) the initial energy 1W  of the ball 1; 
b) the energies `1W  and `2W  of the balls 1 and 2 after the connection and the 
operation A of the discharge when connected; c) the energies `1W  and `3W  
of the balls 1 and 3 after the connection and the A discharge operation when 

connected. (
JAJWWc

JAJWWbJWa
25.6,125.3``)

;25,5.12``);50)

31

211 ). 

249. Two metal balls, the first with a charge of nCq 101  and a radius 
of cmR 31  and  a  second  with  a  potential  of  kV92  and a radius of 

cmR 22 , are connected by a wire whose capacitance can be neglected. 
Find: a) the potential 1  of the first ball before discharge;b) the charge 2q  of 
the second ball before discharge; c) the energies 1W  and 2W  of each ball 
before discharge; d) the charge `1q  and the potential `1  of the first ball after 
the discharge; e) the charge `2q  and the second-ball potential `2  after the 
discharge; f) the energy W  of balls connected by a conductor; g) work A  

discharge. (

JAgJWfkVnCqe
kVnCqd

JWJWcnCqbkVa

24);81);4.5,18)

;4.5,18)
;90,15);20);3)

`
2

`
2

`
1

`
1

2121

). 

250.  A charged ball 1 of radius cmR 21  is brought into contact with 
an  uncharged  ball  2  whose  radius  is  cmR 32 .  After  the  balls  are  
disconnected, the energy of the ball 2 is JW 4.02 . What charge 1q  was on 
ball 1 to contact with the ball 2? ( Cq 7.21 ). 

251. A  thin  mica  plate  is  embedded  between  the  plates  of  a  flat  
capacitor. What pressure p  is tested by this plate at an electric field 
strength mMVE /1 ? ( Pap 5.26 ). 

252.  Absolute electrometer is a flat capacitor, the lower plate of which 
is fixed, and the upper one is suspended to the beam of the scales. With an 
uncharged capacitor, the distance between the plates is cmd 1 . What is the 
difference in the potentials U  applied between the plates, if for the same 
distance cmd 1  the  other  weight  cup  had  to  be  loaded  with  a  mass  

gm 1.5 ? The area of the capacitor plates is 250 cmS . ( kVU 15 ). 
253.  A flat capacitor is filled with a dielectric and a potential difference 

is applied to its plates. Its energy is JW 20 .  After  the  capacitor  was  
disconnected from the voltage source, the dielectric was taken out of the 
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condenser. The work that had to be done against the forces of the electric 
field in order to remove the dielectric, mJA 70 . Find the permittivity  of 
the dielectric. ( 5.4 ). 

254.  Find the energy density 0W  of the electric field at a point a) at a 
distance cmx 2  from the  surface  of  a  charged sphere  of  radius  cmR 1 , 
b) near an infinitely extended charged plane, c) at a distance cmx 2  from 
an infinitely long charged thread. The surface charge density on the ball and 
plane is 2/7.16 mC , the linear charge density on the filament is 

mnC /167 . The dielectric constant of the medium is 2 . 
( 3

0
3

0
3

0 /50);/97.1);/97) mmJWcmJWbmmJWa ). 
255. A potential difference kVU 1  is applied to plates of a flat 

capacitor, the distance between which is cmd 3 . The space between 
the plates is filled with a dielectric ( 7 ).  Find  the  surface  density  of  
bound (polarization) charges sv . How much does the surface charge 
density on the plates change when the capacitor is filled with a 
dielectric? The problem is solved if the capacitor is filled with a 
dielectric: a) before the capacitor is disconnected from the voltage 
source; b) after the capacitor is disconnected from the voltage source. 
( 2

2
2

1 /53.2);/7.17) mKbmKa ). 
256. The space between the plates of a flat capacitor is filled with glass. 

The distance between the plates is mmd 1 . A potential difference 
kVU 2.1  is applied to the capacitor plates. Find: a) the field strength E in 

the glass; b) the surface charge density d  on the capacitor plates; c) the 
surface density of the bound charges cv  on  the  glass;  d)  the  dielectric  
susceptibility x  of the glass. 

(
4.0,/4.44`)

,/9.15),/9.15),/300) 2
2

2
1

mpFd
mKcmKbmkVEa ). 

 
7.7 DIRECT CURRENT 
257. The current I  in the conductor changes with time t  according to 

the equation tI 24 , where I  is in amperes and t  is  in  seconds.  How  
much electricity q  passes through the cross-section of the conductor in a 
time from st 21  to st 62 ? What constant current 0I  does  the  same  
amount of electricity pass through the conductor cross-section during the 
same time? ( .12;48 0 AICq ). 
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258.  How many turns of nichrome wire with a diameter mmd 1  
should be applied 0t  a  porcelain  cylinder  of  radius  cma 5.2  in  order  to  
obtain a furnace with resistance 40R ? ( 200N ). 

259.  The copper wire coil has a resistance 8.10R . Weight of 
copper wire kgm 41.3 .  How  long  is  l  and what diameter d  is  the  wire  
wound on the coil? ( mmdml 1;500 ). 

260.  Find the resistance R  of  an  iron  rod  of  diameter  cmd 1  if the 
mass of the rod is kgm 1 . ( mR 8.1 ). 

261. The tungsten filament of an electric bulb at Ct 0
1 20  has  a  

resistance 8.35R . What will be the temperature t2 of the lamp string, if 
a current AI 33.0  is applied to the network when the voltage VU 120  is 
applied to the network? The temperature coefficient of tungsten resistance is 

15106.4 K . ( Ct 0
2 2200 ). 

262. Coil winding from a copper wire at Ct 0
1 14  has a resistance 

101R . After passing the current, the winding resistance became 
2.122R . Up to what temperature 2t  did the winding heat up? The 

temperature coefficient of copper resistance is 131015.4 K . 
( Ct 0

2 70 ). 
263.  Find the potential drop U  on  a  copper  wire  of  length  ml 500  

and diameter mmd 2 , if the current in it is AI 2 . ( VU 4.5 ). 
264.  Find the potential drop U  in the resistances 41R , 22R  

and 43R  (Figure 7.5) if the ammeter shows the current AI 31 . Find 
the currents 2I  and 3I  in the resistances 2R  and 

3R .( AIAIVUUVU 1,2;4,12 32321
). 

 

 
Figure 7.5 
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265. The element having the EMF VE 1.1  and internal resistance 
1r , closed to external resistance 9R . Find the current I  in the 

circuit, the potential drop U  in the external circuit and the drop in the rU  
potential inside the element. What is the efficiency of the element? 
( 9.0,11.0,99.0,11.0 VUVUAI r

). 
266. There are two identical elements with EMF VE 2  and internal 

resistance 3.0r . How to connect these elements (in series or in parallel) 
in order to obtain a larger current, if the external resistance: a) 2.0R ; 
b) 16R ? Find the current I  in  each  of  these  cases.  
( AIAIbAIAIa 124.0,24.0);7.5,5) 2121

). 
267. Assuming the resistance of the ammeter AR  is infinitesimal, 

determine the resistance R  from the indications of the ammeter and 
voltmeter (Figure 7.6). Find the relative error RR /  of the resistance found, 
if in reality the resistance of the ammeter is AR . Solve the problem for 

2.0AR  and resistance: a) 1R ; b) 10R ; c) 100R . 
( %100/)%;10/)%;1/) RRcRRbRRa ). 

  
                    Figure 7.6                                           Figure 7.7 
 

268. Resistance 202R  and 153R  (Figure 7.7). The current 

AI 8.02  flows through the resistance 2R . The ammeter shows the 
current AI 8.0 . Find the resistance 1R . ( .601R ). 

269.  Batteries with EMF VE 100 , resistance 4031 RR , 
862R  and 342R  (Figure 7.8). Find the current 2I , flowing through 

the resistance 2R , and the drop of the potential 2U  on it. 
( VUAI 32,4.0 22

). 
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                  Figure 7.8                                                      Figure 7.9 
 

270.  Battery with EMF VE 10  and an internal resistance 1r  has 
an efficiency of 8.0  (Figure 7.9). The drops in the potential at 1R  and 4R  
are  VU 41  and VU 24 . Which current I  shows the ammeter? Find the 
drop in the potential 2U  on the resistance 2R . ( VUAI 2,2 2

). 
271. Resistance 200321 RRR , resistance of the voltmeter 

kRV 1  (Figure 7.10). The voltmeter shows the potential difference 

VU 100 . Find EMF E  batteries. ( V170 ). 
 

  
                  Figure 7.10                                              Figure 7.11 
 
272.  Find the readings of the ammeter and voltmeter in the diagrams 

shown in Figure`s 7.11-7.14. Batteries with EMF VE 110 , resistance 
4001R  and 6002R , resistance of the voltmeter kRV 1 . 

(
VUAId

VUAIcVUAIbVUAIa
6.35,089.0)

;110,57.0);2.53,142.0);110,22.0) ). 
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   Figure 7.12                       Figure 7.13 

 
Figure 7.14 

 
273. There is an ammeter with resistance 18.0AR ,  whose  scale  is  

divided into 100 divisions, designed for measuring currents up to AI 10 . 
What resistance R  should be taken and how to turn it on, so that this 
ammeter could measure the current to AI 1000 ?  How  will  the  cost  of  
dividing the ammeter change? ( 02.0R ). 

274. On the battery with EMF VE 500 , it is required to transfer 
energy over a distance kml 5.2 . Power consumption kWP 10 . Find the 
minimum power loss P  in the network if the diameter of the copper lead 
wires is cmd 5.1 . ( WP 212 ). 

275.  From the generator with EMF VE 110 , it is required to transfer 
energy over a distance ml 250 . Power consumption kWP 1 . Find the 
minimum cross-section S  of  copper  lead  wires,  if  the  power  losses  in  the  
network should not exceed 1%. ( 278 mmS ). 

276. The element is first closed to external resistance 21R , and then to 
external resistance 5.02R . Find EMF E  of the element and its internal 
resistance r , if it is known that in each of these cases the power released in the 
external circuit is the same and equal to WP 54.2 . ( .1,4 rV ). 
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277. Element with EMF E  and the internal resistance r is closed to the 
external resistance R . The maximum power released in the external circuit, 

WP 9 . In this case, the current flows in the circuit AI 3 . Find the EMF 
E  and the internal resistance r of the element. ( 1,6 rV ). 

278. Batteries with EMF VE 120 , resistance 303R , 602R  
(Figure 7.15). The ammeter shows the current AI 2 .  Find  the  power  P , 
which is released in the resistance 1R . ( WP 60 ).  

279. Battery with EMF VE 100 , its 
internal resistance 2r , resistance 

251R  and 782R  (Figure 7.15). The 
resistance 1R  is allocated power WP 161 . 
What current I  shows the ammeter? 
( .1 AI ). 

280. The potential difference between 
points A and B is VU 9 . There are two 
conductors with resistances 51R  and 32R . Find the amount of heat 
Q  that is released in each conductor per unit time if the conductors 
between points A and B are connected: a) sequentially; b) in parallel. 
( sJQsJQbsJQsJQa /2.27,/2.16);/82.3,/37.6) 2121

). 
281. Two light bulbs with resistances 3601R  and 2402R  are 

connected in parallel. Which bulb consumes more power? How many 
times? (1.5 times). 

282.  What volume V  of water can be boiled, having spent electric 
energy hgWW 3 ? The initial water temperature is Ct 0

0 10 . ( lV 9.2 ). 
283.  What power P  consumes the heater of an electric kettle if the 

volume 1V  liter of water boils through a time 5  minutes? What is the 
resistance R  of the heater, if the voltage in the network is VU 120 ? The 
initial water temperature is Ct 0

0 5.13 . ( 12,2.1 RkWP ). 
284.  The temperature of the water thermostat of volume lV 1  is kept 

constant with a heater of power WP 26  80% of this capacity is spent on 
heating water. How much will the water temperature in the thermostat go 
down during the time min10 , if the heater is switched off? ( Ct 03 ). 

285. Find the amount of heat Q , released per unit time per unit volume 
of a copper wire at a current density 2/300 mkAj . ( 3/55.1 mskJQ ). 
 

Figure 7.15 
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286. Find the currents Ii in the 
individual branches of the Wheatstone 
bridge (Figure 7.16), provided that the 
current 0rI  passes through the 
galvanometer. Element VE 2 , 
resistance 301R , 452R  and 

2003R . 
( mAIImAII 4;7.26 4321 ). 

287. Which potential difference U  is 
obtained at the terminals of two elements 
connected in parallel, if their EMF`s 

VE 4.11  and VE 2.12  and internal 
resistance 6.01r  and 4.02r ? 
( VU 28.1 ). 

288. The batteries have EMF`s VE 1101  and VE 2202 , resistance 
10021 RR , 5003R  (Figure 7.17). Find the ammeter reading. 

( AI 4.0 ). 

 
                        Figure 7.17          Figure 7.18 
 

289. The batteries have EMF with VE 21  and VE 32 , resistance 
kR 5.11 , resistance of the ammeter kRA 5.0  (Figure 7.18). The 

drop in potential at the resistance 2R  is VU 12  U2 = 1 V (current 
through 2R  is directed from top to bottom). Find the ammeter reading. 
( mAI 1 ). 

290.  Two identical elements have EMF VEE 221  and internal 
resistances 5.021 rr  (Figure 7.19). Find the currents 1I  and 2I , 
flowing through the resistors 5.01R  and 5.12R ,  and  also  the  
current I  through the element with EMF 1E . 
( AIAIAI 72.1;56.0;28.2 21

). 

Figure 7.16 
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                        Figure 7.19                 Figure 7.20 
 

291. The batteries have EMF with VEE 11021 , resistance 
kRR 2.021 , resistance of the voltmeter kRV 1  (Figure 7.20). Find 

the voltmeter reading. ( VU 100 ). 
292.  What time  in the electrolysis of an aqueous solution of chloride 

copper (CuCl2), the mass gm 74.4  of copper will be released at the 
cathode, if the current AI 2 ? ( h2 ). 

293. What time  in  the  electrolysis  of  copper  sulfate,  the  mass  of  the  
copper plate (cathode) will increase by mgm 99 ? The area of the plate is 

225 cmS , the current density is 2/220 mAj . Find the thickness d of the 
copper layer formed on the plate. ( md 6.4min;10 ). 

294.  Find the electrochemical equivalent of K hydrogen. 
( KkgK /1004.1 8 ). 

295. Ammeter connected in series with the electrolytic bath with AgNO3 
solution, shows the current AI 90.0 . Is the ammeter correct if a mass 

mgm 316  of silver was released during the time min5  of current 
passage? (The ammeter shows less by 0.04 A). 

296. Two electrolytic baths with AgNO3 and CuSO4 solutions are connected 
in series. What mass of m2 of copper will be released during the time during 
which the mass mgm 1801  of silver was released? ( mgm 532 ). 

297. In the preparation of aluminum by electrolysis of a solution of 
Al2O3 in a molten cryolite, a current kAI 20  was passed with a potential 
difference on the electrodes VU 5 . What time  will the mass tonm 1  
of aluminum be extracted? Which electrical energy W  will be spent in 
doing this? ( GJWh 7.53,149 ). 
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298. What temperature do T  mercury atoms have kinetic energy of 
translational motion sufficient for ionization? The potential for ionization of 
the mercury atom is VU 4.10 . ( KT 4108 ). 

299. How many times will the specific thermionic emission of tungsten, 
which is at KT 24001  change, if the tungsten temperature is raised by 

KT 100 ? ( 6.2/ 12 jj ). 
300. How many times the cathode of thoriated tungsten at a temperature 

of KT 1800  gives a larger specific emission than a pure tungsten cathode 
at the same temperature? The emission constant for pure tungsten is 

226
1 /106.0 KmAB , for thoriated tungsten 227

2 /103.0 KmAB . 
( 4

12 101.1/ jj ). 
 
7.8 MAGNETISM 
301. Find the strength H  of the magnetic field at a point a distance of 

ma 2  from an infinitely long conductor, through which the current 
AI 5  flows. ( mAH /8.39 ). 

302.  Find the intensity H  of the magnetic field at the center of a 
circular wire turn with a radius cmR 1  along which the current AI 1  
flows. ( mAH /50 ). 

303. Two rectilinear infinitely long conductors are perpendicular to each 
other and are in the same plane (Figure 7.21). Find the magnetic field 
strengths 1H  and 2H  at points 1M  and 2M  if the currents AI 21  and 

AI 32 . The distances cmAMAM 121  and cmCMBM 221 . 
( mAHmAH /8.55;/8 21 ). 

 
Figure 7.21 

 

304. Two rectilinear infinitely long conductors are arranged in parallel 
at a distance cmd 10  from each other. The currents AII 521  flow in 
the opposite directions along the conductors. Find the modulus and 
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direction of the strength H  of  the  magnetic  field  at  a  point  a  distance  of  
cma 10  from each conductor. ( mAH /8 ). 

305. Find the intensity H  of the magnetic field produced by a segment 
AB of a rectilinear conductor with a current at the point C located 
perpendicular to the middle of this segment at a distance cma 5  from it. 
The current flows through the conductor AI 20 . The segment AB of the 
conductor is visible from point C at an angle of 060 . ( mAH /8.31 ). 

306. The current AI 20  runs along a long conductor bent at right 
angles. Find H  the intensity of the magnetic field at the point of this angle 
lying on the bisector and at a distance cma 5  from the vertex. 
( mAH /3.77 ). 

307. Current AI 20 , flowing through a ring of copper wire section 
21mmS , creates in the center of the ring magnetic field strength 

mAH /178 . What is the potential difference U  applied to the ends of the 
wire forming the ring. ( VU 12.0 ). 

308.  Two circular turns with a radius cmR 4  each are located in 
parallel planes at a distance cmd 10  from each other. The currents 

AII 221  flow through the turns. Find the magnetic field strength H  on 
the axis of turns at a point equally spaced from them. The task is to decide 
when: a) the currents in the turns flow in one direction; b) currents flow in 
opposite directions in turns. ( mAHbmAHa /0);/2.12) ). 

309. Two circular turns of radius cmR 4  each are located in parallel 
planes at a distance cmd 5  from each other. The currents flow through the 
turns AII 421 . Find the strength H  of the magnetic field at the center 
of one of the turns. The task is to decide when: a) the currents in the turns 
flow in one direction; b) currents flow in opposite directions in turns. 
( mAHbmAHa /2.38);/2.62) ). 

310. Find the distribution of the magnetic field intensity H  along the 
axis of a circular revolution with a diameter cmD 10 , along which the 
current AI 10  flows. Write a table of values of H  and plot the values for 
x  in the interval cmx 100  every 2 cm. 

311. Two circular turns are located in two mutually perpendicular 
planes so that the centers of these turns coincide. The radius of each turn is 

cmR 2 ,  the  currents  in  turns  AII 521 . Find the strength of the 
magnetic field at the center of these turns. ( mAH /177 ). 
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312.  A  square  frame  is  made  of  a  wire  of  length  ml 1 . The current 
flows through the frame AI 10 . Find the strength H  of the magnetic field 
in the center of the frame. ( mAH /8.35 ). 

313. An infinitely long wire forms a circular turn tangent to the wire. The 
current flows through the wire AI 5 . Find the radius R  of  the  turn  if  the  
magnetic field strength in the center of the turn is mAH /41 . ( cmR 8 ). 

314.  A coil of length cml 30  has 1000N  turns. Find the intensity 
H  of the magnetic field inside the coil if the coil passes current AI 2 . 
The diameter of the coil is considered small in comparison with its length. 
( mkAH /67.6 ). 

315.  From a wire with a diameter mmd 1 , a solenoid must be wound, 
inside of which there must be a magnetic field strength mkAH /24 . The 
limiting current AI 6  can  be  passed  through  the  wire.  What  number  of  
layers will the coil of the solenoid consist, if the windings are wound tightly 
to each other? The diameter of the coil is considered small in comparison 
with its length. ( mkAH /25.1 ). 

316. It is required to obtain a magnetic field strength mkAH /1  in a 
solenoid of length cml 20  and diameter cmD 5 . Find the number of 
ampere turns IN  required for this solenoid and the potential difference U  
that must be applied to the ends of the winding from Copper wire diameter 

mmd 5.0 . Read the field of the solenoid as homogeneous. 
( VUvAIN 7.2;200 ). 

317. Find the distribution of the magnetic field intensity H  along the 
axis of the solenoid, whose length is cml 3  and diameter cmD 2 . The 
current AI 2  flows  through  the  solenoid.  The  coil  has  100N  turns. 
Compile a table of values of H  and plot a graph for the values of x  in the 
interval cmx 30  every 0.5 cm.  

318.  A capacitor with a capacitance pFC 10  is periodically charged 
from the battery with e. 100 V and discharged through a coil in the form of a 
ring of diameter cmD 20 , where the plane of the ring coincides with the 
plane of the magnetic meridian. The coil has 32N  turns. The horizontal 
magnetic needle placed in the center of the coil is deflected by an angle 

045 . Switching the capacitor occurs at a frequency of 1100 sn . Find 
from the data of this experiment the horizontal component of 

gH  of  the  
Earth's magnetic field strength. ( mAH /16 ). 
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319. A FC 10  capacitor is periodically charged from a battery with 
an EMF of VE 120  and discharged through a solenoid of length cml 10 . 
The solenoid has 200N  turns. The average value of the magnetic field 
strength inside the solenoid is mAH /240 . What frequency n  does  the  
capacitor switch with? The diameter of the solenoid is considered small in 
comparison with its length. ( 1100 sn ). 

320.  In a homogeneous magnetic field of intensity 2/6.79 mkAH  
there is a square frame whose plane makes an angle 045  with the 
direction of the magnetic field. The side of the frame is cma 4 . Find the 
magnetic flux  penetrating the frame. ( Wb113 ). 

321.  In a magnetic field with an induction of TB 05.0 , a rod of length 
ml 1  rotates. The axis of rotation passing through one of the ends of the 

rod is parallel to the direction of the magnetic field. Find the magnetic flux 
 intersected by the rod at each revolution. ( Wb157 ). 
322.  The frame, the area of which is 216 cmS , rotates in a uniform 

magnetic field with a frequency of 12 sn .  The  axis  of  rotation  is  in  the  
plane of the frame and is perpendicular to the direction of the magnetic field 

mkAH /6.79 . Find the dependence of the magnetic flux  penetrating 
the frame on the time t and the largest value of max  of the magnetic flux. 
( mWbt 160;4cos106.1 max

4 ). 
323.  The iron sample is placed in a magnetic field of intensity 

mAH /796 . Find the magnetic permeability  of  the  iron.  
( vAIN 500 ). 

324.  How many ampere-turns are required to make the volume density 
of the magnetic field energy inside the solenoid of small diameter and 
length cml 30  equal 3

0 /75.1 mJW ? ( vAIN 855 ). 
325. The length of the iron core cml 501 ,  the  length  of  the  air  gap  

mml 22 . Number of ampere-turns in the winding of the toroid 
nAIN 2000 . How many times will the tension decrease, the magnetic 

field  in  the  air  gap,  if  for  the  same  number  of  ampere-turns  increase  the  
length of the air gap by half? (1.9 times). 

326.  An iron core is placed inside a solenoid of length cml 1.25  and 
diameter cmD 2 . The solenoid has 200N  turns. The dependence of the 
magnetic flux  on the current I  in the interval AI 50  in  each  1  A. 
Draw the graf for the solenoid on the ordinate axis, plot F  (10 4 Wb). 
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327.  A long rectilinear wire runs 
through the center of the iron ring 
perpendicular to its plane, along which 
the current AI 25 . The ring has a 
quadrangular cross-section (Figure 7.22), 
which dimensions are mml 181 , 

mml 222  and mmh 5 . Assuming 
approximately that at any point of the 
section of the ring the induction is the 
same  and  equal  to  the  induction  on  the  midline  of  the  ring,  find  the  
magnetic flux  penetrating the area of the section of the ring. 
( Wb18 ).  

328. How many ampere turns are needed to create a magnetic flux of 
mWb42.0  in a solenoid with an iron core of length cml 120  and a 

cross-sectional area 23 cmS ? ( Wb18 ). 
329. Find the magnetic flux  penetrating the cross-sectional area of 

the ring of the previous problem, taking into account that the magnetic field 
at different points of the cross-section of the ring is different. The value of 

 is assumed constant and found from the curve of the curve )(HfB  for 
the value of H  on the midline of the ring. ( Wb18 ). 

330. A closed iron core of length cml 50  has a winding of 1000N  
turns. The current flows through the winding AI 11 . What current 2I  
should  be  run  through the  winding,  so  that  when the  core  is  removed,  the  
induction remains the same? ( AI 6202 ). 

331. It is required to create a magnetic field with induction TB 4.1  
between the poles of an electromagnet. The length of the iron core is 

cml 401 , the length of the interpolar space is cml 12 , the diameter of the 
core is cmD 5 . EMF with E  should be taken to supply the winding of the 
electromagnet in order to obtain the required magnetic field using a copper 
wire with a cross-sectional area 21 mmS ? What will be the smallest 
thickness b of the winding, if we assume that the maximum allowable 
current density is 2/3 mMAI ? ( cmb 2.1 ). 

332.  An electromagnet a homogeneous magnetic field with induction 
TB 1.0  is created between the poles. For a wire of length cml 70 , 

placed perpendicular to the direction of the magnetic field, the current 
AI 70  flows. Find the force F  acting on the wire. ( NF 9.4 ). 

Figure 7.22 
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333. Two rectilinear long parallel conductors are spaced from each other. 
Conductors flow the same currents in one direction. Find the currents 1I  and 2I  
flowing through each of the conductors, if it is known that in order to extend 
these conductors by twice the distance, it was necessary to perform work (per 
unit length of conductors) mJAi /55 . ( AII 2021 ). 

334.  The galvanometer coil consisting of 600N  turns  of  wire  is  
suspended on threads of length cml 10  and diameter mmd 1.0  in a 
magnetic field of intensity mkAH /160  so that its plane is parallel to the 
direction of the magnetic field. The length of the coil frame is cma 2.2  
and the width cmb 9.1 . What is the current I  flowing through the winding 
of the coil if the coil turns by an angle 05.0 ? The shear modulus of the 
yarn material is GPaG 9.5 . ( AI 1.0 ). 

335. In a homogeneous magnetic field with induction TB 5.0  the 
conductor is moving uniformly with a length of cml 10 . The current flows 
through the conductor AI 2 . The velocity of the conductor is scm /20  
and is directed perpendicular to the direction of the magnetic field. Find the 
work A  of moving the conductor in a time st 10  and the power P  spent 
on this movement. ( mWPJA 20;2.0 ). 

336.  A homogeneous copper disk A  
of radius cmR 5  is  placed  in  a  
magnetic field with induction TB 2.0  
so  that  the  plane  of  the  disk  is  
perpendicular to the direction of the 
magnetic field (Figure 7.23). The current 

AI 5  runs along the radius of the disk 
ab  (a and b are sliding contacts). The 
disk rotates at a frequency of 13 sn . 
Find: a) the power P  of such an engine; 
b) direction of rotation of the disk provided that the magnetic field is 
directed from the drawing to us; c) the torque M  acting on the disk. 
( mNMcclockwisecounterrotatesdiscthebmWPa 4105.12););6.23) ). 

337. Find the magnetic flux  intersected by the radius ab of the disk A 
(Figure 7.23) during the time min1t  of rotation. The disk radius is 

cmH 10 . The magnetic field induction is TB 1.0 .  The disk rotates at a 
frequency of 13.5 sn . ( Wb1 ). 

Figure 7.23 
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338. An electron accelerated by a potential kVU 1 , difference flies 
into a homogeneous magnetic field which direction is perpendicular to the 
direction of its motion. Induction of the magnetic field mTB 19.1 . Find 
R  the radius of the circle along which the electron moves, T  the period of 
revolution of the electron, and the angular momentum M  of the electron. 
( smkgMnsTcmR /105.1,30;9 224 ). 

339. The electron flies into a uniform magnetic field, the direction of 
which is perpendicular to the direction of its motion. The velocity of the 
electron is sm /104 7 . Induction of the magnetic field mTB 1 . Find 
the tangential a  and the normal an acceleration of an electron in a magnetic 
field. ( 215 /107,0 smconstaa ). 

340. Find the kinetic energy of a proton moving along an arc of a circle 
of radius 60 cm in  a  magnetic  field,  the  induction  of  which  is  1  T. 
( MeVW 3.17 ). 

341. A proton and an electron accelerated by the same potential 
difference fly into a homogeneous magnetic field. How many times the 
radius of curvature 1R  of  the  trajectory  of  the  proton  is  greater  than  the  
radius of curvature 2R  of the electron trajectory? ( 1840// 2121 mmRR ). 

342. A charged particle moves in a magnetic field along the 
circumference with a velocity sm /106 . Induction, magnetic field 

TB 3.0 . The radius of the circle is cmR 4 . Find the particle charge q  if 
it is known that its energy is keVW 12 . ( Kq 19102.3 ). 

343. An -particle whose angular momentum smkgM /1033.1 222 , 
flies into a homogeneous magnetic field perpendicular to the direction of its 
motion. Induction of the magnetic field mTB 25 . Find the kinetic energy 
of the W   particle. ( eVW 500 ). 

344. Single-charged ions of potassium isotopes with relative atomic masses 
39 and 41 are accelerated by a potential difference VU 300 ; then they fall 
into a homogeneous magnetic field perpendicular to the direction of their 
motion. Induction of the magnetic field TB 08.0 . Find the radii of curvature 

1R  and 2R  of the trajectories of these ions. ( cmRcmR 20;5.19 21 ). 
345. Find the ratio mq /  for a charged particle if it moves along a 

circular arc with a radius cmR 3.8 , flying at a velocity sm /106  into a 
homogeneous magnetic field of intensity mkAH /200 . The direction of 
the velocity of the particle Perpendicular to the direction of the magnetic 
field. Compare the value found with mq /  for an electron, a proton, and an 
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 particle. ( kgCmq /108.4/ 7 ;for an electron kgCmq /1076.1/ 11 ; for the 
proton kgCmq /106.9/ 7 ; for the  -particle kgCmq /108.4/ 7 ). 

346. A magnetic field of intensity mkAH /8  and an electric field of 
intensity mkVE /1  are directed equally. The electron enters the 
electromagnetic field with a velocity sm /105 . Find the normal an, the 
tangential a , and the total acceleration of the electron. The problem is 
solved if the electron velocity is directed: a) parallel to the direction of the 
electric field; b) perpendicular to the direction of the electric field. 
( 214214 /105.2,0);/1076.1,0) smaaabsmaaaa nn

). 
347. An electron accelerated by a potential difference kVU 6 , flies 

into a uniform magnetic field at an angle 030  to the direction of the field 
and moves along a screw trajectory. Induction of the magnetic field 

mTB 13 . Find the radius R  and the step h  of the helical trajectory. 
( cmhcmR 11,1 ). 

348. The electron flies into a flat horizontal capacitor parallel to its 
plates at a speed of sm /107 . The length of the capacitor is cml 5 . The 
electric field of the capacitor is mkVE /10 . When leading condenser, the 
electron enters a magnetic field perpendicular to the electric field. Induction 
of the magnetic field mTB 10 . Find the radius R  and the step h  of the 
helical trajectory of an electron in a magnetic field. ( cmhmmR 6.3,5 ). 

349. In a homogeneous magnetic field with induction TB 1.0 , a 
conductor with length cml 10  moves. The velocity of the conductor is 

sm /15  and is directed perpendicular to the magnetic field. Find the 
EMF induced in the conductor E . ( V15.0 ). 

350. A coil with a diameter cmD 10 , consisting of 500N  turns of 
wire,  is  in  a  magnetic  field.  Find  the  average  EMF  of  the  induction  that  
appears in this coil if the induction of the magnetic field B  increases for a 
time s1.0  from 0 to 2 T. ( V5.78 ). 

351. The speed of the aircraft with a jet engine is hkm /950 . Find the 
EMF of induction iE  appearing  at  the  ends  of  the  aircraft  wings,  if  the  
vertical component of the Earth's magnetism intensity is mAH B /8.39 , the 
wingspan of the aircraft is ml 5.12 . ( mV165 ). 

352.  In a uniform magnetic field, the induction of which TB 8.0 , the 
frame with an angular velocity srad /15  uniformly rotates. The area of 
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the frame is 2150 cmS .  The  axis  of  rotation  is  in  the  plane  of  the  frame 
and makes an angle 030  with the direction of the magnetic field. Find 
the maximum EMF induction of maxE  in a rotating frame. ( V09.0max ). 

353. A homogeneous copper disk A of 
radius cmR 5  is placed in a magnetic 
field with induction TB 2.0  so  that  the  
plane of the disk is perpendicular to the 
direction of the magnetic field 
(Figure 7.24). A current can flow along 
the  circuit  aba  (a and b are sliding 
contacts). The disk rotates at a frequency 
of 13 sn . Find the EMF E  of  such  a  
generator. Indicate the direction of the 
electric current if the magnetic field is directed from us to the drawing, and 
the disk rotates counter-clockwise. ( mV7.4 ).  

354. What is the average the EMF E  sup  is  induced in  the  coil  if  the  
solenoid considered in the previous problem has an iron core? ( Vm 1.5 ). 

355.  In a homogeneous magnetic field, the induction of which is 
TB 1.0 , a coil consisting of 200N  turns rotates. The axis of rotation of 

the coil is perpendicular to its axis and to the direction of the magnetic field. 
The period of revolution of the coil is sT 2.0 ; cross-sectional area 

24 cmS . The axis of rotation is perpendicular to the axis of the coil and to 
the direction of the magnetic field. Find the maximum the EMF induction in 
a rotating coil. ( mV250max ). 

356. How many turns does the coil have, the inductance of which is 
mHL 1 ,  if  at  a  current  of  AI 1  the magnetic flux through the coil is 

Wb2 ? ( 500N ). 
357. In a solenoid with length cml 50 ,  a  core  is  inserted  from such an  

iron species, for which the dependence )(HfB  is unknown. The number of 
turns per unit length of the solenoid 1400 cmNl ; cross-sectional area 

210 cmS . Find the magnetic permeability  of the core material at a current 
through the winding AI 5 , if it is known that the magnetic flux penetrating 
the cross section of the solenoid with the core, mWb6.1 . What is the 
inductance of the L  solenoid under these conditions? ( mHL 64;640 ). 

358.  In a magnetic field, the induction of which is TB 1.0 , a square 
frame of copper wire is placed. The cross-sectional area ofthe wire is 

Figure 7.24 
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21 mms ,  the  area  of  the  frame is  225 cmS . The normal to the plane of 
the frame is parallel to the magnetic field. How much electricity will q  pass 
through the contour of the frame when the magnetic field disappears? 
( mCq 74 ). 

359.  To measure the induction of the magnetic field between the poles 
of the electromagnet, a coil consisting of 50N  turns of wire is placed and 
connected to a ballistic galvanometer. The axis of the coil is parallel to the 
direction of the magnetic field. The cross-sectional area of the coil is 

22 cmS . Resistance of the galvanometer kR 2 ; its ballistic constant is 
divcellsC /102 8 . When the coil is rapidly pulled out of the magnetic 

field, the galvanometer gives a rejection equal to 50 scale divisions. Find 
the induction B  of the magnetic field. Resistance of the coil compared with 
the resistance of the ballistic galvanometer is neglected. ( TB 2.0 ). 

360.  Cross-sectional area of a solenoid with an iron core 210 cmS ; 
Length of the solenoid ml 1 . Find the magnetic permeability  of the 
core material if the magnetic flux penetrating the cross section of the 
solenoid is mWb4.1 . Which current I  flowing through the solenoid 
corresponds to this magnetic flux if it is known that the inductance of the 
solenoid under these conditions is HL 44.0 ? ( AI 6.1;1400 ). 

361. To measure the magnetic permeability of iron, a toroid of length 
cml 50  and a cross-sectional area 24 cmS  was made from it. One of the 

windings of the toroid had 5001N  turns and was connected to a current 
source, the other had 10002N  turns and was connected to a galvanometer. 
Switching the direction of the current in the primary winding to the 
opposite, we cause in the secondary winding the induction current. Find the 
magnetic permeability  of  the  iron  if  it  is  known  that  when  the  current  
direction AI 1  is  switched  in  the  primary  winding,  the  amount  of  
electricity passed through the galvanometer was Cq 06.0 . Resistance of 
secondary winding 20R . ( 1200 ). 

362.  The coil has an inductance of GHL 144.0  and a resistance R  of 
10 . After what time t  after the inclusion in the coil current flows, equal to 
half the steady? ( mst 10 ). 

363.  A square frame of copper wire of section 21 mms  is placed in a 
magnetic field whose induction varies according to the law tBB sin0 , 
where TB 01.00 , T/2  and T = 0.02 s. The area of the frame is 
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225 cmS . The plane of the frame is perpendicular to the direction of the 
magnetic field. Find the time dependence of t  and the largest value of: 
a) the magnetic flux  penetrating the frame; b) the EMF induction E  
arising in the frame; c) current I  flowing along the frame. 

(

AIAtIc
mVVtb
WbWbta

3.2,100cos3.2)
;85.7,100cos1085.7)

;25,100sin105.2)

max

max
3

max
5

). 

364.  A current flowing through the coil whose inductance mHL 21 , 
changing with time according to the law tII sin0 , where AI 50 , 

T/2 and T = 0.02 s. Find the dependence on the time t: a) the EMF 
self-induction E  arising in the coil; b) the energy W  of the magnetic field 
of the coil. ( JtWbVta 100sin263.0);100cos33) 2 ). 

365.  Two coils have a mutual inductance mHL 512 . In the first coil, 
the current varies according to the law tII sin0 , where AI 100 , 

T/2  and T = 0.02 s. Find the dependence on the time t the EMF 2E , 
induced in the second coil, and the largest value of max2E  of  this  EMF.  
( VVt 7.15,100cos107.15 max2

3
2 ). 

 
7.9 HARMONIC OSCILLATORY MOTION AND WAVES 
366. Write the equation of harmonic oscillatory motion with amplitude 

mmA 50 , period T = 4 s and initial phase 4/ . Find the displacement 
x  of the oscillating point from the equilibrium position at 0t  and 

st 5.1 .  Draw  a  graph  of  this  movement.  

( 0,2.35,
42

sin50 21 xmmxmmtx ). 

367.  Write the equation of harmonic oscillatory motion with amplitude 
cmA 5  and period T =  8  s, if the initial phase  of oscillations is: a) 0; 

b)  / 2; c) ; d) 3  / 2; e) 2 . Draw a graph of this movement in all cases. 

(

cmtxe

cmtxdcmtxc

cmtxbcmtxa

4
sin5)

,
2

3
4

sin5),
4

sin5)

,
24

sin5),
4

sin50)

). 
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368. What time after the beginning of the movement, the point that 
performs harmonic oscillations will shift from the equilibrium position to 
half the amplitude? The period of oscillations is T = 24 s, the initial phase is 

00 . ( st 2 ). 
369. The initial phase of the harmonic oscillation is 0 . What fraction 

of the period will the velocity of the point be equal to half its maximum 
speed? (

6
Tt ). 

370. What time after the beginning of the oscillation, the point that 
performs the oscillatory motion along the equation tx

2
sin7 , runs from 

the equilibrium position to the maximum displacement? ( st 1 ). 
371. Amplitude of harmonic oscillation cmA 5 , period T =  4  s. Find 

the maximum velocity max  of the oscillating point and its maximum 
acceleration maxa . ( 2

maxmax /3.12;/85.7 scmascm ). 
372. The  equation  of  motion  of  a  point  is  given  in  the  form  

cmtx
42

sin2 . Find the oscillation period T, the maximum velocity 

max  and the maximum acceleration maxa  point. 
( 2

maxmax /93.4;/14.3;4 ccmascmsT ). 

373. The equation of motion of a point is given in the form tx
6

sin . 

Find the times t in  which  the  maximum  speed  and  the  maximum  
acceleration are reached. ( ,...15,9,3 st ). 

374. The point performs harmonic oscillations. The oscillation period is 
sT 2 , the amplitude is cmA 50 , the initial phase is 0 . Find the 

velocity  at  the  time  when  the  displacement  of  the  point  from  the  
equilibrium state is mmx 25 . ( scm /6.13 ). 

375. The initial phase of the harmonic oscillation is 0 . When the point 
is shifted from the equilibrium position cmx 4.21 , the velocity of the point is 

scm /31 , and at a displacement of cmx 8.22  its velocity is scm /22 . 
Find the amplitude A  and the period T  of this oscillation. 
( sTcmA 1.4;1.3 ). 

376. The equation of oscillation of a material point with mass gm 16  

has the form. mtx
48

sin1.0 .  Draw a graph of the dependence on the 
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time t  (within one period) of the force F  acting  on  the  point.  Find  the  
maximum force maxF . ( NF 246max ). 

377. The equation of oscillations of a material point of mass gm 10  

has the form cmtx
45

sin5 . Find the maximum force maxF  acting on 

the point and the total energy W  of the oscillating point. 
( JWNF 93.4;197max ). 

378. The equation for the oscillation of a material point of mass 
gm 16  has the form. cmtx

44
sin2 . Draw a graph of the dependence 

on time t (within one period) of the kinetic kW , the potential 
pW , and the 

total W  energy of the point. 
379. Find the ratio of the kinetic energy kW  of the point performing the 

harmonic oscillation to its potential energy 
pW  for the time moments: a) t = 

T/12; B) t = T/8; C) t = T/6. The initial phase of oscillations is 00 . 
( 3/1/);1/);3/) pkpkpk WWcWWbWWa ). 

380. Find the ratio of the kinetic energy kW  of the point performing the 
harmonic oscillation to its potential energy 

pW  for  the  moments  when the  
displacement of the point from the equilibrium position is: a) 4/Ax ; 
b) 2/Ax ; c) Ax , where A is the amplitude of the oscillations. 
( 0/);3/);15/) pkpkpk WWcWWbWWa ). 

381. The amplitude of the harmonic oscillations of the material point 
cmx 2 , the total energy JW 3.0 . What displacement of X  from the 

equilibrium position, does the force NF 5.22  act on the oscillating 
point? ( cmx 5.1 ). 

382. A  load  was  hung  on  the  spring.  The  maximum  kinetic  energy  of  
the load oscillations is JWk 1max

. The amplitude of the oscillations is 

cmA 5 . Find the rigidity k  of the spring. ( mNk /805 ). 
383. How will the period of vertical oscillations of the load hanging on 

two identical springs change, if from the series connection of the springs go 
to their parallel connection? (decrease by a factor of 2). 

384. A hydrometer weighing kgm 2.0  is floating in a liquid. If you 
load it a little into the liquid and release it, it will start to oscillate with a 
period of T = 3.4 s. Assuming that the oscillations are undamped, find the 
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density of the liquid  in which the hydrometer floats. Diameter of a 
vertical cylindrical tube of a hydrometer cmd 1 . ( 33 /1089.0 mkg ). 

385. Find the amplitude A  and the initial phase 0  of the harmonic oscillation 
obtained from the addition of equally directed oscillations given by the equations: 

2
5sin2.0 tx  and 

4
5sin03.0 tx . ( `4662,6.4 0

0cmA ). 

386. As a result of the addition of two equally directed harmonic 
oscillations with identical amplitudes and identical periods, the resultant 
oscillation with the same period and the same amplitude is obtained. Find 
the phase difference 12  of the added oscillations. ( 3/212

). 
387. Find the amplitude A  and  the  initial  phase   of the harmonic 

oscillations given by the equations: cmtx sin4  and 
2

sin3 tx . Write 

the equations of the resulting oscillation. 
( cmtxcmA 5/sin5`,5236;5 0 ). 

388. The equations of two harmonic oscillations have the form 
cmtx 4sin31  and cmtx 10sin62 .  Draw  a  graph  of  these  oscillations.  

Adding these oscillations graphically, plot the resulting oscillation. Draw a 
spectrum of the resulting oscillation. 

389. The point participates in two oscillations of the same period with 
the same initial phases. The amplitudes of the oscillations are cmA 31  and 

cmA 42 . Find the amplitude A of the resulting oscillation if the 
oscillations are made; a) in one direction; b) in two mutually perpendicular 
directions. ( cmAbcmAa 5);7) ). 

390. The point participates in two mutually perpendicular vibrations 
tx sin  and.

2
sin2 ty . Find the trajectory of the resulting motion 

of the point and draw it with scale. ( 14/1/ 22 yx ). 
391. The period of damped oscillations T = 4 s, logarithmic decrement  

= 1.6, the initial phase is 0 . For 4/Tt , the displacement of the point is 
cmx 5.4 . Write the equation of motion for this oscillation. Construct a 

graph of this fluctuation within two periods. ( cmtex t

2
sin7.6 4.0 ). 

392. Logarithmic decrement of damping of the mathematical pendulum 
2.0x . How many times will the amplitude of oscillations decrease at the 

same time as the complete swing of the pendulum? ( 22.1/ 21 AA ). 
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393. Find the logarithmic damping decrement  of a mathematical 
pendulum,  if  the  amplitude  of  the  oscillations  decreases  by  a  factor  of  2  
during a time min1t . The length of the pendulum is ml 1 . ( 023.0 ). 

394. A mathematical pendulum performs damped oscillations with a 
logarithmic decrement of attenuation 2.0 . How many times does the 
total acceleration of the pendulum decrease in its extreme position by one 
oscillation? (at 1.22 times). 

395. Amplitude of damped oscillations of a mathematical pendulum 
over time min1t  decreased by half. How many times will the amplitude 
decrease over time min3t ? (at 8 times). 

396. A mathematical pendulum of length ml 5.0 ,  derived  from  the  
equilibrium position, deviated by the first vibration at cmx 5 , and the 
second (in the same direction) by cmx 4 . Find the time during which the 
amplitude decreases e  times, where e  is the base of the natural logarithm 

6 ? ( st 4.6 ). 
397. Find the wavelength  of the oscillation, whose period sT 1410 . 

The propagation velocity of the oscillations is smc /103 8 . ( m3 ). 
398. Sound vibrations having a frequency Hz500  and amplitude 

mmA 25.0  propagate in the air. Wavelength nm700 . Find the speed 
with the propagation of the oscillations and the maximum velocity max  of 
the air particles. ( smsmc /785.0,/350 max ). 

399. The equation of undamped oscillations has the form tx
2

sin10 . 

Find the wave equation if the propagation velocity of the oscillations is 
smc /300 . Write and graphically represent the oscillation equation for a 

point spaced at a distance ml 600  from the source of oscillations. Write 
and graphically represent the oscillation equation for wave points at time 

st 4  after the oscillations begin. 

( cmlxstcmltx 44 106
2sin104,

1062
sin10 ). 

400. The equation for undamped oscillations is as follows tx 5.2sin . 
Find the displacement x  from the equilibrium position, the velocity  and 
the acceleration a  of the point located at a distance ml 20  from  the  
oscillation source, for the instant st 1  after the oscillations begin. The 
propagation velocity of the oscillations is smc /100 . 
( 0,/85.7,0 ascmx ). 
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401. Find the phase difference of two points that are from the source at 
distances ml 101  and ml 162 . The period of oscillations is sT 4.0 , the 
wave propagation velocity is sm /300 . ( ). 

402. Find the offset from the equilibrium position of a point separated 
from the oscillation source at a distance 12/l , for the time instant 

6/Tt . The amplitude of the oscillations is mA 05.0 . ( cmx 5.2 ). 
403. The offset from the equilibrium position of the point, which is from 

a source of oscillation at a distance of cml 4 , at the time 6/Tt  is equal 
to half the amplitude. Find the length of the traveling wave. ( m48.0 ). 

404.  Find the wavelength  of the oscillations if the distance between 
the first and fourth antinodes of the standing wave is cml 15 . ( m1.0 ). 

 
7.10 ELECTROMAGNETIC OSCILLATIONS AND WAVES 
405. The oscillatory circuit consists of a capacitor with a capacitance 

pFC 888  and a coil with an inductance of mHL 2 . What wavelength  
is the contour tuned to? ( m2500 ). 

406. Which wavelength range can the oscillatory circuit be tuned on if 
its inductance is mHL 2 , and the capacitance can vary from pFC 69  to 

pFC 533 ? ( mtom 1950700 21 ). 
407. What kind of inductance L  should be included in the oscillatory 

circuit, so that at a capacitance FC 2  obtain a frequency Hz1000 ? 
( mHL 7.12 ). 

408. A coil with an inductance of HL 30  is connected to a flat 
capacitor with a plate area of 201.0 mS and a distance mmd 1.0  between 
them. Find the permittivity  of the medium, which fills the space between 
the plates, if the contour is tuned to a wavelength m750 . ( 6 ). 

409. The equation of variation with time of the potential difference on 
the capacitor plates in the oscillatory circuit has the form VtU 410cos50 . 
Capacitor capacitance FC 1.0 . Find the period T  of oscillations, the 
loop inductance L , the law of variation with time t  of the current I  in the 
circuit and the wavelength  corresponding to this circuit. 
( kmmAtImHLmsT 60,10sin157,15.10,2.0 4 ). 

410. The equation of variation with time of current in the oscillatory circuit 
has the form AtI 400sin02.0 . Inductance of the circuit HL 1 . Find the 
period T  of oscillations, the capacitance C  of the contour, the maximum energy 
of the mW  field and the maximum energy elW  of the electric field. 
( mJWmJWVUFCmsT elm 2.0,2.0,2.25,63.0,5 ). 



 297 

411. Find the ratio of the energy elm WW /  of the magnetic field of the 
vibrational circuit to the energy of its electric field for the time instant 8/T . 
( 1/ elm WW ). 

412. The oscillatory circuit consists of a capacitor with a capacitance of 
FC 7  and a coil with an inductance of HL 23.0  and an impedance of 

40R . The capacitor plates have a charge of mCq 56.0 . Find the period T  of 
the oscillations of the circuit and the logarithmic damping decrement  of the 
oscillations. Write the equation of variation with time t  of the potential difference 
U  on the capacitor plates. Find the potential difference at instants of time equal to: 

2/T , T , 2/3T and T2 . Draw a graph )(tfU  within two periods. 

(
VUVUVU

VUVteUmsT t

20,28,40
,5.56,250cos80,7.0,8

432

1
87

). 

413. The oscillation circuit consists of a capacitor with a capacitance 
FC 2.0  and a coil with an inductance of mHL 07.5 . What logarithmic 

decrement  the potential difference on the capacitor plates in a time 
mst 1  will decrease threefold? What is the resistance R  of the circuit? 

( 1.11,22.0 R ). 
414. The oscillation circuit consists of a capacitor with a capacitance 

nFC 405 , a coil with an inductance of mHL 10  and a resistance 
2R . How many times will the potential difference on capacitor plates 

change over a single oscillation period? (at 1.04 times). 
415. The oscillatory circuit consists of a capacitor with a capacitance 

nFC 22.2  and a coil of length cml 20  from a copper wire of diameter 
mmd 5.0 . Find the logarithmic decrement of the damping of the 

oscillations. ( 018.0 ). 
416. The oscillating circuit has a capacitance nFC 1.1  and  an  

inductance of mHL 5 . The logarithmic damping decrement is 005.0x . 
What time, due to attenuation, will 99% of the circuit energy be lost? 
( mst 8.6 ). 

417. A coil of length cml 50  and a cross-sectional area 210 cmS  is 
included in the alternating current circuit with a frequency Hz50 . The 
number of turns of the coil is 3000N . Find the resistance R  of the coil if 
the phase shift between voltage and current is 060 . ( 1.4R ). 

418. The coil winding consists of 500N  turns of copper wire, the cross-
sectional area of which is 21 mms . The length of the coil is cml 50 , its 
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diameter is cmD 5 . What frequency  of alternating current, the impedance 
Z  of the coil is twice as large as its active resistance R ? ( Hz300 ). 

419. Two capacitors with capacitances FC 2.01  and FC 1.02  are 
connected in series to an alternating current circuit with a voltage VU 220  
and a frequency Hz50 . Find the current I  in the circuit and the potential 
drop 1CU  and 2CU  on  the  first  and  second  capacitors.  
( VUVUmAI CC 6.146,4.73,6.4 21 ). 

420. A coil of length cml 25  and radius cmr 2  has a winding of 
1000N  turns of copper wire, the cross-sectional area of which is 

21 mms . The coil is included in the AC circuit of frequency Hz50 . 
What part of the impedance Z  of the coil is the active resistance R  and the 
inductive resistance LX ? ( %68%;74 ). 

421. A coil with an active resistance 10R  and an inductance L  is 
included in the AC circuit with a voltage VU 127  and a frequency 

Hz50 . Find the coil inductance L  if it is known that the coil absorbs 
power WP 400  and phase shift between voltage and current 060 . 
( mHL 55 ). 

422. Find the formulas for the impedance of the circuit Z  and the phase 
shift  between voltage and current for different methods of switching on 
the resistance R , capacitance C  and inductance L . Consider the cases: 
a) R  and C  are connected in series; b) R  and C  are included in parallel; 
c) R  and L  are connected in series; d) R  and L  are included in parallel; 
e) R , L  and C  are connected in series. 

(

R
CLtgCLRZeLRtg

LR
LRzd

RLtgLRZc

CRtg
CR

RzbCRtgCRZa

/1,)/1();/,
)(

)

;/,)()

;,
1

);/1,)/(1)

22

22

22

222

22

). 

423. A capacitor with a capacitance of FC 1  and a resistor with an 
impedance kR 3  are included in the alternating current circuit with a 
frequency Hz50 . Find the impedance Z  of the circuit, if the capacitor 
and the resistor are switched on: a) in series; b) in parallel. 
( kZbkZa 18.2),38.4) ). 

424. In a circuit of an alternating current with voltage VU 220  and 
frequency Hz50  capacitance FC 4.35 , resistance 100R  and 
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inductance HL 7.0  are sequentially connected. Find the current I  in the 
circuit and the voltage drops CU , RU  and LU  on the capacitance, resistance 
and inductance. ( VUVUVUAI LRC 295,134,121,34.1 ). 

 
7.11 WAVE OPTICS 
425. What is the potential difference U  applied between the electrodes 

of the helium discharge tube, if the maximum Doppler shift of the helium 
line  ( nm2.492 ) is observed to be equal to nm8.0  when observed 
along the -particle beam? ( kVU 5.2 ). 

426. When photographing the spectrum of the Andromeda star, it was 
found that the titanium line ( nm4.495 ) was shifted to the violet end of 
the spectrum by nm17.0 . How does the star move with respect to the 
Earth? ( skm /103 ). 

427. How many times will the distance between adjacent interference 
fringes increase on the screen in Young's experiment if the green filter 
( nm500 ) is replaced by red, ( nm650 )? (at 1.3 times). 

428. In Young's experiment, the apertures were illuminated with 
monochromatic light ( nm600 ). The distance between the holes is 

mmd 1 , the distance from the holes to the screen is mL 3 . Find the 
position of the first three light strips. 
( mmymmymmy 4.5;6.3;8.1 321 ). 

429. In Jung's experiment, a glass plate of thickness cmh 12  is placed 
in the path of one of the interfering beams perpendicular to the ray. How 
much can the refractive indices differ in different places of the plate, so that 
the change in the path difference from this inhomogeneity does not exceed 

m1 ? ( 5105n ). 
430. A soap film, arranged vertically, forms a wedge due to the flow of 

liquid. When observing interference fringes in the reflected light of a mercury 
arc  ( nm1.546 ), it turned out that the distance between the five bands is 

cml 2 . Find the angle  of the wedge. Light falls perpendicular to the surface 
of the film. The refractive index of soapy water is 33.1n . ( 011 ). 

431. The installation for obtaining Newton's rings is illuminated by 
monochromatic light incident on the normal to the surface of the plate. 
Observation is conducted in reflected light. The radii of two adjacent dark 
rings are equal to mmrk 4  and mmrk 38.41 . The radius of curvature of 
the lens is mR 4.6 .  Find  the  ordinal  numbers  of  the  rings  and  the  
wavelength  of the incident light. ( mkk 5.0;61;5 ). 



 300 

432. The installation for obtaining Newton's rings is illuminated by a 
monochromatic light incident on the normal to the surface of the plate. The 
radius of curvature of the lens is mR 6.8 . The observation is performed in 
reflected light. By measurements it is established that the radius of the 
fourth dark ring (assuming the central dark spot as zero) mmr 5.44 . Find 
the wavelength  of the incident light. ( nm589 ). 

433. The installation for obtaining the rings of Newton is illuminated by 
white light falling along the normal to the surface of the plate. The radius of 
curvature of the lens is mR 5 . Observation is conducted in transmitted 
light. Find the radii rb and rr of the fourth blue ring ( nmb 400 ) and the 
third red ring ( nmr 630 ). ( mrmmr rb 1.3;8.2 ). 

434. The installation for obtaining the rings of Newton is illuminated by 
a monochromatic light incident on the normal to the surface of the plate. 
Observation is conducted in reflected light. The distance between the 
second and the twentieth dark rings is mml 8.41 . Find the distance 2l  
between the third and sixteenth dark rings of Newton. ( mml 66.32 ). 

435. The installation for obtaining Newton's rings is illuminated by light 
with a wavelength nm589  incident along the normal to the surface of 
the plate. The radius of curvature of the lens is mR 10 . The space between 
the lens and the glass plate is filled with liquid. Find the refractive index n  
of the liquid if the radius of the third light ring in the transmitted light is 

mmr 65.33 . ( 33.1n ). 
436. The installation for obtaining Newton's rings is illuminated by 

monochromatic light with a wavelength nm600  incident along the 
normal to the surface of the plate. Find the thickness h  of the air layer 
between the lens and the glass plate at the point where the fourth dark ring 
is observed in reflected light. ( mh 2.1 ). 

437. The installation for obtaining Newton's rings is illuminated by 
monochromatic light with a wavelength nm500  incident along the 
normal to the surface of the plate. The space between the lens and the glass 
plate is filled with water. Find the thickness h  of the water layer between 
the lens and the plate at the point where the third light ring is observed in 
reflected light. ( nmh 470 ). 

438. In the Michelson interferometer experiment, to shift the 
interference pattern by 500k  bands, it was necessary to move the mirror 
to a distance mmL 161.0 . Find the wavelength  of the incident light. 
( nm644 ). 
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439. To measure the refractive index of ammonia, a pumped tube of 
length cml 14  was  placed  in  one  of  the  arms  of  the  Michelson  
interferometer. The ends of the tube were covered with plane-parallel 
glasses. When the tube was filled with ammonia, the interference pattern 
shifted to 180k  bands for a wavelength nm590 . Find the refractive 
index n  of ammonia. ( 00038.1n ). 

440. A white light beam falls normal to the surface of a glass plate with 
a thickness md 4.0 . The refractive index of glass is 5.1n . Which 
wavelengths  lying within the visible spectrum (from 400 to 700 nm) are 
amplified in reflected light? ( nm480 ). 

441. Light from a monochromatic source ( nm600 ) falls normally on 
the diaphragm with a hole diameter mmd 6 . Behind the diaphragm at a 
distance ml 3  from it there is a screen. What number of k  Fresnel zones 
fits in the aperture hole? What will be the center of the diffraction pattern on 
the screen: dark or light? ( 5k ). 

442. Find the radii rk of the first five Fresnel zones, if the distance from 
the light source to the wave surface is ma 1 ,  the distance from the wave 
surface to the observation point is mb 1 . The wavelength of light is 

nm500 . 
( mmrmmrmmrmmrmmr 12.1,1,86.0,71.0,50.0 54321 ). 

443. Find the radii rk of the first five Fresnel zones for a plane wave, if 
the distance from the wave surface to the observation point is mb 1 . The 
wavelength of light is nm500 . 
( mmrmmrmmrmmrmmr 58.1,41.1,22.1,1,71.0 54321 ). 

444. A diffraction pattern is observed at a distance from a point source 
of monochromatic light ( nm600 ). At a distance la 5.0 , a circular 
opaque barrier with a diameter cmD 1  is placed from the source. Find the 
distance l  if the barrier covers only the central Fresnel zone. ( ml 167 ). 

445. A normally parallel beam of monochromatic light ( nm589 ) 
falls on a gap of width ma 2 .  What  angles  of   will diffraction 
minimum of light be observed at? 
( mmrmmrmmrmmrmmr 12.1,1,86.0,71.0,50.0 54321 ). 

446.  A normally parallel beam of monochromatic light ( nm500 ) 
falls on a slot of width ma 20 . Find the width A of the image of the gap 
on the screen, remote from the gap by a distance ml 1 .  The width of the 
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image is the distance between the first diffraction minima located on both 
sides of the main maximum of the illumination. ( cmA 5 ). 

447. A normally parallel beam of monochromatic light with a 
wavelength  falls on a gap of width 6a . What angle  will the third 
diffraction minimum of light be observed at? ( 030 ). 

448. How many strokes of 0N  per unit length does the diffraction 
grating have if the green mercury line ( nm1.546 ) in the first-order 
spectrum is observed at an angle `8190 ? ( 1

0 600 mmN ). 
449. The beam of light normally falls on the diffraction grating. The 

sodium line ( nm589 ) gives the diffraction angle `8170
1 in the first-

order spectrum. Some lines give the diffraction angle `12240
2  in the 

second-order spectrum. Find the wavelength 2  of this line and the number 
of strokes 0N  per unit length of the lattice. 
( 1

02 500,9.409 mmNnm ). 
450. A beam of monochromatic light normally falls on the diffraction 

grating. The third-order maximum is observed at an angle `48360  to the 
normal. Find the lattice constant d , expressed in the wavelengths of the 
incident light. ( 5d ). 

451. What should be the constant d of the diffraction grating in order 
that in the first order the lines of the potassium spectrum be allowed 

nm4.4041  and nm7.4042 ? The width of the lattice is cma 3 . 
( md 22 ). 

452. The constant of the diffraction grating md 2 . What difference 
in wavelengths  can this lattice solve in the yellow-ray region 
( nm600 ) in the second-order spectrum? The width of the lattice is 

cma 5.2 . ( pm24 ). 
453. The constant of the diffraction grating md 5.2 . Find the angular 

dispersion dd /  of the lattice for nm589  in the first-order spectrum. 
( mraddd /101.4/ 5 ). 

454. Angular dispersion of the diffraction grating for nm668  in the 
first-order spectrum mraddd /1002.2/ 5 . Find the period d  of the 
diffraction grating. ( md 5 ). 

455. Find the linear dispersion D  of  the  diffraction  grating  under  the  
conditions of the previous problem, if the focal length of the lens projecting 
the spectrum onto the screen is cmF 40 . ( nmmD /81 ). 
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456. For which wavelength , does the diffraction grating have an 
angular dispersion mraddd /103.6/ 5  in the third-order spectrum? The 
lattice constant is md 5 . ( nm510 ). 

457. Which focal length F  should a lens have projecting on the screen the 
spectrum obtained by means of a diffraction grating that the distance between two 
lines of potassium nm4.4041  and nm7.4042  in the first-order spectrum 
be equal to Mml 1.0 ? The lattice constant is md 2 . ( mF 65.0 ). 

458. Find the full polarization angle when the light is reflected from the 
glass, the refractive index of which is 57.1n . ( `30570

Bi ). 
459. The limiting angle of total internal reflection for a certain 

substance is 045i . Find for this substance an angle Bi  of complete 
polarization. ( `44540

Bi ). 
460. Find the refractive index n of the glass if, when reflected from the light, the 

reflected beam is completely polarized at a refraction angle 030 . ( 73.1n ). 
461.  A beam of light passes through a liquid poured into a glass 

( 5.1n ) vessel, and is reflected from the bottom. The reflected beam is 
completely polarized when it falls, to the bottom of the vessel at an angle 

`37420
Bi . Find the refractive index n of the liquid. At what angle i should 

the light beam coming into the bottom of the vessel go in this liquid, so that 
complete internal reflection comes? ( `5666,63.1 0in ). 

462. Find the angle  between the main planes of the polarizer and the 
analyzer if the intensity of natural light passing through the polarizer and 
the analyzer decreases by 4 times. ( 045 ). 

463. Find the reflection coefficient  of the natural light incident on the 
glass ( 54.1n ) at the full-polarization angle Bi .  Find  the  degree  of  
polarization P  of the rays passed into the glass. ( %1.9;083.0 P ). 

464.  Find the reflection coefficient  and the degree of polarization 1P  
of the reflected rays when the natural light falls on the glass 5.1n ) at an 
angle 045i . What is the degree of polarization of the 2P  refracted beams? 
( %42.4%;83%;06.5 21 PP ). 

 
7.12 QUANTUM NATURE OF LIGHT AND WAVE PROPERTIES 

OF PARTICLES 
465. Find the mass m of the photon: a) red light rays ( nm700 ); b) X-

rays  ( nm25 ); c) gamma rays ( pm24.1 ). 
( kgmckgmbkgma 303236 108.1),108.8),102.3) ). 
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466. Find the energy , the mass m and the photon momentum p  if the 
corresponding wave length pm6.1 ? 
( smkgpJkgm /101.4,1015.1,1038.1 221330 ). 

467. What speed  should an electron move, so that its kinetic energy is 
equal  to  the  energy  of  a  photon  with  a  wavelength  of  nm521 ? 
( sm /102.9 5 ). 

468. What  energy should  a  photon have  to  make its  mass  equal  to  the  
rest mass of an electron? ( MeV51.0 ). 

469.  The impulse carried by a monochromatic photon beam through the 
area 22 cmS  for a time min5.0t  is equal to 

s
mkgp 9103 . Find for 

this beam energy E , falling per unit area per unit time. ( 2/150 msJE ). 
470.  What temperature T  the kinetic energy of a diatomic gas molecule 

will  be  equal  to  the  energy  of  a  photon  with  a  wave  length  nm589 ? 
( KT 9800 ). 

471. Find the mass m  of a photon whose momentum is equal to the 
momentum of the hydrogen molecule at a temperature of Ct 021 . The 
velocity of the molecule is assumed equal to the mean square velocity. 
( kgm 32101.2 ). 

472. The wavelength of light corresponding to the red boundary of the 
photoelectric effect, for a certain metal nm2750 . Find the minimum 
energy  of the photon causing the photoelectric effect. ( eV5.4 ) 

473. The wavelength of light corresponding to the red boundary of the 
photoelectric effect, for a certain metal nm2750 . Find the work function 
of an electron from a metal, the maximum velocity of electrons emitted 
from a metal by light with a wavelength nm180 , and the maximum 
kinetic energy of maxW  electrons. 
( JWsmeVA 19

maxmax 108.3,/1.9,5.4 ). 
474. Find the frequency  of the light that tears out electrons from the 

metal, which are completely delayed by the potential difference VU 3 . 
The photoelectric effect begins at a light frequency Hz14

0 106 . Find the 
work function of the electron from metal. ( HeVA 14102.13,48.2 ). 

475. Photons with an energy of eVe 9.4  excite electrons from the 
metal with an output function eVA 5.4 . Find the maximum momentum 
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pmax transmitted to the surface of the metal upon the ejection of each 
electron. ( smkgp /1045.3 25

max ). 
476. Find the Planck constant h  if it is known that the electrons 

extracted from the metal with light with a frequency 115
1 102.2 s  are 

completely delayed by the potential difference VU 6.61 , and those 
expelled by light with the frequency 115

2 106.4 s  - the potential 
difference U2 = 16.5 V ? ( sJh 34106.6 ). 

477. Find the light pressure P  on the walls of an electric 100-Watt 
lamp. The bulb of the lamp is a spherical vessel of radius cmr 5 . The 
walls of the lamp reflect 4% and pass 6% of the incident light. Consider that 
all the power consumed goes to the radiation. ( PaP 4.10 ). 

478. A monochromatic light beam ( nm490 ), falling along the 
normal to the surface, produces a pressure Pap 9.4 . What is the number 
of photons I  per unit time per unit area of this surface? The coefficient of 
light reflection 25.0 . ( 2121109.2 mcI ). 

479. What was the wave length 0  of X-ray radiation, if the scattered 
radiation wavelength was equal to pm4.25  when Compton scattering of 
this radiation with graphite at an angle 060 ? ( pm2.240 ). 

480. X-rays with a wavelength pm210  experience Compton 
scattering at an angle 090 . Find the variation  of  the  X-ray 
wavelength for scattering, as well as the energy. We and the momentum of 
the recoil electron. ( smkgpkeVWpm ee /104.4,6.6,42.2 23 ). 

481. Under Compton scattering, the energy of the incident photon is 
distributed equally between the scattered photon and the recoil electron. The 
scattering angle is 2/ . Find the energy W  and the momentum p  of 
the scattered photon. ( smkgpMeVW e /103.9,26.0 12 ). 

482. The energy of X-rays is MeV6.0 . Find the recoil energy we if 
the X-ray wavelength after Compton scattering has changed by 21%. 
( MeVWe 1.0 ). 

483. Find the de Broglie wavelength  for electrons that have passed 
the potential difference VU 11  and VU 1002 . 
( nmnm 123.0,23.1 21 ). 

484. Find the de Broglie wavelength  for: a) an electron moving with 
a velocity sm /106 ; b) hydrogen atom moving with an average square 
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velocity at temperature KT 300 ;  c)  a  ball  of  mass  gm 1  moving with 
velocity scm /1 . ( mcpmbpma 29106.6),144),730) ). 

485. Find the de Broglie wavelength  for an electron with kinetic 
energy: a) keVW 101 ; b) MeVW 12 . ( pmbpma 87.0),2.12) ). 

486. A charged particle accelerated by a potential difference VU 210  
has a de Broglie wavelength pm02.2 . Find the mass m  of the particle if 
its charge is numerically equal to the charge of the electron. 
( kgm 271067.1 ). 
 

7.13 ATOM OF BORA. X-RAYS 
487. Find the radii kr  of the three first Bohr electron orbits in the 

hydrogen atom and the velocity c  of the electron on them. 

(
smsm

smpmrpmrpmr
/103.7,/101.1

,/1019.2;477,212,53
5

3
6

2

6
1321 ). 

488. Find the kinetic kW , the potential 
pW ,  and  the  total  energy of  the  

electron in the first Bohr orbit. ( eVWeVWeVW pk 6.13,2.27,6.13 ). 

489. Find the kinetic energy kW  of the electron located on the n-th orbit 
of the hydrogen atom, for n =  1,  2,  3,  and  .  
( 0,51.1,40.3,6.13 4321 kkkk WeVWeVWeVW ). 

490. Find the period T  of revolution of an electron on the first Bohr 
orbit of a hydrogen atom and its angular velocity . 
( sradsT /104.4,1043.1 1616 ). 

491.  Find the smallest min  and the largest max  of the wavelengths of 
the spectral lines of hydrogen in the visible region of the spectrum. 
( nmnm 656,365 maxmin

). 

492. Find the largest wavelength max  in the ultra-violet region of the 

hydrogen spectrum. What is the minimum speed min  should electrons 
have, so that when the hydrogen atoms are excited by electron beams, this 
line appears? ( nmsm 121,/1090.1 max

6
min ). 

493.  Find the ionization potential iU  of the hydrogen atom. 
( VU i 6.13 ). 

494. Find the first excitation potential 1U  of the hydrogen atom. 
( VU 2.101 ). 
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495. Which minimum energy minW  (in electron-volts) should have 
electrons so that when the hydrogen atoms are excited by the impacts of 
these electrons, all the lines of all series of the hydrogen spectrum appear? 
What is the minimum speed min  should these electrons have? 
( smeVW /102.2,6.13 6

minmin
). 

496. Which minimum energy minW  (in electron-volts) should have 
electrons so that when hydrogen atoms are excited by the impacts of these 
electrons, the spectrum of hydrogen has three spectral lines? Find the 
wavelengths  of  these  lines.  
( nmnmnmeVW 656,103,121,1.12 321min

). 

497. What limits should the wavelength  of monochromatic light lie 
so that when the hydrogen atoms are excited by the quanta of this light, 
three spectral lines are observed? ( nm6.1023.97 ). 

498. How much did the kinetic energy of an electron in a hydrogen 
atom change when a photon is atomized at a wavelength of nm486 ? 
( eVW 56.2 ). 

499. What extent should the wavelengths  of monochromatic light lie, 
so that when the hydrogen atoms are excited with quanta of this light, the 
radius of the orbit kr  of  an  electron  increases  by  a  factor  of  9?  
( nm6.1023.97 ). 

500. A light beam from a discharge tube filled with atomic hydrogen 
normally falls on the diffraction grating. The lattice constant is md 5 . 
Which transition of the electron corresponds the spectral line observed with 
the aid of this lattice in the spectrum of the fifth order at an angle 041 ? 
( 2,3 kn ). 

501. Find the wavelength of de Broglie  for an electron moving along 
the first Bohr orbit of a hydrogen atom. ( nm33.0 ). 

502. Find the radius 1r  of the first Bohr electron orbit for singly ionized 
helium and the velocity 1  of the electron on it. 
( smpmr /1037.4,6.26 6

11 ). 
503. Find the first excitation potential 1U : a) once ionized helium; 

b) doubly ionized lithium. ( VUbVUa 8.91),8.40) 11 ). 
504. Find the wavelength  of a photon corresponding to the transition 

of  an  electron  from  the  second  Bohr  orbit  to  the  first  in  a  singly  ionized  
helium atom. ( nm4.30 ). 
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505. Find the lattice constant d of the rock salt, knowing the molar mass 
molkg /058.0  of rock salt and its density 33 /102.2 mkg . Crystals of 

rock salt have a simple cubic structure. ( pmd 281 ). 
506. The potential difference kVU 60  is applied to the electrodes of 

the X-ray tube. The smallest wavelength of X-rays obtained from this tube, 
pm6.21 . Find the Planck constant h  from these data. 

( sJh 34106.6 ). 
507. Find the wavelength that determines the short-wavelength 

boundary of the continuous X-ray spectrum for cases when the potential 
difference U is applied to the X-ray tube equal to: 30, 40, 50 kV. 
( pmpmpm 8.24,31,3.41 321

). 

508. The wavelength of the gamma radiation of radium pm6.1 . 
What kind of potential difference U should be applied to the X-ray tube in 
order to obtain X-rays with this wavelength? ( kVU 770 ). 

509. Find for aluminum the thickness 2/1x  of the half attenuation layer 
for X-rays of a certain wavelength. The mass absorption coefficient of 
aluminum for this wavelength is kgmm /3.5 2 . ( mmx 5.02/1 ). 

510. How many times will the intensity of X-rays with wavelength 
pm21  decrease when an iron layer with thickness mmd 15.0  passes? 

The mass coefficient of iron absorption for this wavelength is 
kgmm /1.1 2 . (at 3.7 times). 

511.  In the following table, for some materials, the layer thickness x1/ 2 
of the half attenuation of X-rays, whose energy is MeVW 1 , is given for 
some materials. Find the linear  and mass m  absorption coefficients of 
these materials for a given energy of X-rays. For what wavelength  of X-

rays is this data obtained? (

kgmmd

kgmmc
kgmmb
kgmma

m

m

m

m

/108.6,77)

;/106.5,44)

;/102.6,16)

;/107.6,7.6)

23
4

1
4

23
3

1
3

23
2

1
2

23
1

1
1

). 

512. How many half-attenuation layers are needed to reduce X-ray 
intensity by 80 times? ( 35.6n ). 

 
7.14 RADIOACTIVITY 
513. How many polonium atoms decay in a time 1t  day from 

6
0 10N  atoms? ( 15025 dayN ). 
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514. Find the activity a  of  the  mass  gm 1  of the gradium. 
( Bqa 10107.3 ). 

515. Find the mass m  of radon, the activity of which is Bqa 10107.3 . 
( kgm 9105.6 ). 

516. Find the mass m  of polonium Po210
84 , whose activity is 

Bqa 10107.3 . ( mgm 22.0 ). 
517. Find the decay constant  of radon, if it is known that the number 

of radon atoms decreases by 18.2% during the time 1t  day. 
( 16101.2 sm ). 

518. Find the specific activity of ma  uranium 235
92U . ( kgBqam /109.7 7 ). 

519. The Geiger-Müller ionization counters have a certain 
«background» in the absence of a radioactive preparation. The presence of 
background can be caused by cosmic radiation or radioactive 
contamination. What is the radon mass 1m  corresponding to the 
background that gives 1 counter rejection in a time st 5 ? 
( kgm 20105.3 ). 

520. The activity of some radioactive isotope is investigated using an 
ionization counter. At the initial time, the counter gives 75 scraps in a time 

st 10 .  How many scraps  in  a  time st 10  give a counter after the time 
2/2/1Tt ? Read sT 102/1 . (53 garbage). 

521. Some radioactive isotope has a decay constant of 1710 s . What 
time will 75% of the original mass of atoms decay? ( dayst 40 ). 

522. Natural uranium is a mixture of three isotopes 234
92U , 235

92U , 238
92U . The 

content is negligible (0.006%), it accounts 235
92U  for 0.71%, and the rest mass 

(99.28%) is 238
92U . The half-lives of 2/1T  of these isotopes are 5105.2  years, 

8101.7  years and 9105.4  years, respectively. Find the percentage of 
radioactivity contributed by each isotope to the total radioactivity of natural 
uranium. ( UUU 234

92
235
92

238
92 ,, ). 

523. Kinetic energy of an -particle emitted from the nucleus of a 
radium atom in radioactive decay MeVW 78.41 . Find the velocity  of the 

 particle and the total energy W  that is released when the  particle is 
emitted. ( MeVWsm 87.4,/1052.1 7 ). 

524. How much heat Q  is released during the decay of radon by the 
activity Bqa 10107.3 : a) for a time ht 10 ; b) for the average lifetime ? 
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The kinetic energy of the -particle emitted from the radon is 
MeVW 5.5 . ( kJQbkJQa 16),12.0) ). 

525. The mass gm 1  of uranium 238
92U , in equilibrium with the 

products of its decay, releases power WP 71007.1 . Find the molar heat 
Q , released by uranium for the average lifetime  of uranium atoms. 

( molJQ /102.5 12 ). 
526. Find  the  activity  of  a  radon,  formed  from  the  mass  gm 1  of 

radium in a time ht 1 . ( Bqa 8108.2 ). 
527. As a result of the decay of the mass gm 1  of radium, during a 

time 1t  year a certain mass of helium was formed, occupying a volume 
343 mmV  under  normal  conditions.  Find  from  these  data  the  constant  

Avogadro. ( 123106 molN A ). 
528. A drug containing a mass of gm 5.10  of radium is placed in the 

ampoule. What is the mass m of radon accumulated in this ampule after the 
time 2/2/1Tt , where 2/1T  is the half-life of radon? ( kgm 9108.4 ). 

529. A number of radium atoms are placed in a closed vessel. What time t 
the number of radon atoms N  in this vessel will differ by 10 % of the number 
of radon atoms `N , which corresponds to the radioactive equilibrium of radium 
with radon in this vessel? Draw a curve for the dependence of the variation of 

`/ NN  in the vessel on the time t  in the interval 2/160 Tt , taking the radon 
half-life 

2/1T  as a unit of time. ( dayst 6.12 ). 
530. Some number of radon atoms `N  is placed in a closed vessel. Draw 

a curve for the dependence of the change in the number of radon atoms 
`/ NN  in the vessel on time in the interval 200 t  days every 2 days. 

Radon decay constant 181.0  days-1. From the curve )(`/ tfNN  find the 
half-life of 

2/1T   radon. ( daysT 8.32/1 ). 
531. The following table shows the results of measuring the dependence 

of the activity a  of a radioactive element on the time t . Find the half-life of 
the 

2/1T element. ( hT 42/1 ). 
532. Radon is placed in the ampoule, the activity of which is 

Bqa 9108.14 . What time t after filling the vial the activity of radon will 
be equal to Bqa 91023.2 ? ( dayst 4.10 ). 

533. The lead contained in the uranium ore is the final product of the decay of 
the uranium series, so the age of the ore can be determined from the ratio of the 
mass of uranium in the ore to the mass of lead in it. Find the age of the uranium 
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ore if it is known that the weight kgmw 1  of uranium U238
92  in this ore accounts 

for the mass gmpb 320  of lead Pb205
82 . ( yearst 9103 ). 

534. Knowing the half-lives of 
2/1T  radium and uranium, find the number of 

uranium atoms per radium atom in natural uranium. Consider that the radioactivity 
of natural uranium is due mainly to the isotope U238

92 . ( 6108.2N ). 
535. What minimum mass of ore containing 42% of pure uranium, can 

one obtain a mass gm 1
0

 of radium? ( kgm 3107 ). 
536. -particles from the radium isotope emerge at a velocity 

sm /105.1 7  and hit the fluorescent screen. Assuming that the screen 
consumes cdWPI /25.0  power per unit of light intensity, find the light 
intensity I  of the screen if all  particles emitted by the mass gm 1  of 
radium. ( cdI 7101.1 ). 

537. What proportion of the initial mass of the radioactive isotope 
decays during the lifetime of this isotope? (63.2 %). 

538. Find activity a  and mass gm 1  of polonium 210
84Po ? 

( a 81067.1 Bq ). 
539. Find the specific activity of the artificially obtained radioactive 

isotope strontium 90
38Sr ? ( kgBqam /1025.5 15 ). 

540. To the mass mgm 101  of radioactive isotope 45
20Ca , the mass 

mgm 302  of non-radioactive isotope was added 40
20Ca . How much 

decreased the specific activity a  of the at radioactive source? 
( kgBqam /109.4 17 ). 

541. What is the mass of 2m  of the radioactive isotope 210
83Bi  that must 

be added to the mass mgm 51  of the non-radioactive isotope 210
83Bi , so that 

after a time 10t  days after that the ratio of the number of decayed atoms 
to the number of non-decaying atoms is 50%? The decay constant of the 
isotope is 14.0  day-1. ( mgm 112 ). 

542. Which isotope is formed from 232
90Th  after  4-  decays  and  2-  

decays. ( Po216
84 ). 

543. Which isotope is formed from 238
92U  after three -decays and two -

decays? ( Ra226
88 ). 

544. Which isotope is formed from 239
92U  after two -decays and one -

decay? ( U235
92 ). 
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545. Which isotope is formed from 8
3Li  after one -decay and one -

decay? ( He4
2 ). 

546. Which isotope is formed from after 133
51S  four -decays? ( Cs133

55 ). 
547. Kinetic energy of an -particle emitted from the nucleus of a 

polonium atom 214
84Po  in radioactive decay MeVWk 68.7` . Find: a) the 

velocity  of the  particle; b) the total energy W , which is released during 
the emission of the  particle; c) the number of pairs of N  ions formed by 
the  particle, assuming that the energy eVW 340  is required to form one 
pair of ions in air; d) saturation current nI  in the ionization chamber from 
all -particles emitted by polonium. The activity of polonium 

Bqa 4107.3 . (
AIdNc
MeVWbsma

95

7

1033.1),1026.2)

,83.7),/1092.1) ). 

 
7.15 NUCLEAR REACTIONS 
548. Find the number of protons and neutrons that make up a) 24

12Mg , 
b) 25

12Mg ; at) 26
12Mg . ( a) 12 protons and 12 neutrons, b) 12 protons and 13 

neutrons, c) 12 protons and 14 neutrons). 
549. Find the binding energy of the isotope core 7

3Li . ( MeVW 3.39 ). 
550. Find the binding energy of the isotope nucleus 4

2He . 
( MeVW 3.28 ). 

551. Find the binding energy of the nucleus of an aluminum atom 27
13Al . 

( MeVW 225 ). 
552. Find the binding energy W  of the nuclei: a) 3

1H ; b) 3
2He . Which of 

these cores is more stable? ( MeVWbMeVWa 7.7),5.8) ). 
553. Find the binding energy 0W  per nucleon in the nucleus of the 

oxygen atom 16
8O . ( MeVW 97.70

). 
554. Find the binding energy W  of the deuterium nucleus 2

1H . 
( MeVW 2.2 ). 

555. Find the binding energy 0W  per nucleon in the nuclei: a) 
7
3Li , 

b) 14
7N , c) 27

13Al , d) 40
20Ca , f) 63

29Cu , e) 113
48Cd , g) 200

80Hg , h) 238
92U . Construct the 

dependence )(0 AfW , where A is the mass number. 

(

MeVWhMeVWg
MeVWfMeVWeMeVWd

MeVWcMeVWbMeVWa

6.7),9.7)
,5.8),75.8),55.8)

,35.8),5.7),6.5)
). 
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556. Find the energy released during the reaction 4
2

4
2

1
1

7
3 HeHeHLi . 

( MeVQ 3.17 ). 
557. Find the energy Q  absorbed during the reaction 

17
8

1
1

4
2

14
7 OHHeN . ( MeVQ 18.1 ). 

558. Find the energy W  that is released during the reaction: 
a) 4

2
1
1

3
2

2
1 HHHeH , b) 1

0
3
2

2
1

2
1 nHeHH . 

( MeVQbMeVQa 26.3),04.4) ). 
559. Find the energy Q , released during the reactions: 

a) 4
2

1
1

3
2

2
1 HHHeH , b) 4

2
4
2

2
1

6
3 HeHeHLi , c) 4

2
3
2

1
1

6
3 HeHeHLi . 

( MeVQcMeVQbMeVQa 02.4),4.22),3.18) ). 
560. What mass m  of water can be heated from 0°C to boiling if all the 

heat released during the reaction 7
3Li  ),( ps  is used, with the total mass 

decomposition of gm 1  of lithium? ( tm 570 ). 
561. Write the missing designations in the reactions : 

xnAl ),(27
13 , b) ),(19

9 xpF  16
8O , c) ),(55

25 nxMn  55
26Fe , d) xpAl ),(27

13 , e) 

),(14
7 xnN  14

6O , f) 22
11),( Napx . 

562. Find the energy Q  released during the reaction 
1
0

8
4

2
1

7
3 nBeHLi . ( MeVQ 15 ). 

563.  Find the energy Q  released during the reaction 
1
0

10
5

2
1

9
4 nBHBe . ( MeVQ 35.4 ). 

564. When a nitrogen isotope 7
4N  is bombarded with neutrons, a carbon 

isotope 14
5C  is obtained, which turns out to be -radioactive. Write the 

equations of both reactions. ( NeCHCnN 14
7

0
1

14
6

1
1

14
6

1
0

14
7 , ). 

565. When an isotope of aluminum 27
13Al  is bombarded with  particles, a 

radioactive isotope of phosphorus 30
15P  is obtained, which then decays with the 

release of a positron. Write the equations of both reactions. Find the specific activity 
a  of the at isotope 30

15P  if its half-life sT 1302/1 . ( kgBqam /101.1 23 ). 

566. When a lithium isotope 6
3Li  is bombarded with deuterons 

(deuterium nuclei 2
1H ), two -particles are formed. In this case, the energy 

MeVQ 3.23  is released. Knowing the masses of the deuteron d  and   

particle, find the mass m  of the lithium isotope 6
3Li . ( ...015.6 umam ). 
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567. The neutron source is a tube containing beryllium 9
4Be  powder and 

gaseous radon. During the reaction of -particles of radon with beryllium, 
neutrons arise. Write the reaction for obtaining neutrons. Find the mass m  
of radon introduced into the source during its manufacture, if it is known 
that this source gives, after a time 5t  days  after  its  manufacture,  the  
number of neutrons per unit time 16

2 102.1 sa . The reaction yield 
4000/1k ,  i.e,  only  one  -particle  from  4000n  causes the reaction. 

( kgm 9101.2 ). 
568. In the reaction ),(14

7 pN , the kinetic energy of the  particle is 

MeVW 7.71
. At what angle  does the proton fly out to the direction of 

motion of the  particle if it is known that its kinetic energy is 
MeVW 5.82

? ( 032 ). 
569.  Find the threshold W  of the nuclear reaction ),(14

7 pN . 
( MeVW 52.1 ). 

570. Find the threshold W  of the nuclear reaction ),(7
3 npLi . 

( MeVW 89.1 ). 
571.  When a lithium isotope 7

3Li  is bombarded with protons, two  
particles are formed. The energy of each -particle at the time of their 
formation is MeVW 15.92

. What is the energy of 
1W  bombarding protons? 

( MeVW 11 ). 
572. Find the lowest energy of a -quantum sufficient to carry out the 

reaction ),(24
12 nMg . ( MeVh 6.16 ). 

573. What is the mass of uranium 235
92U  consumed for a time 1t  day at 

a nuclear power plant with a power kWP 5000 ? The acceptance rate is 
17%. To consider that for each act of decay energy is released 

MeVQ 200 . ( gm 31 ). 
574. In nuclear physics, the number of charged particles bombarding a 

target is assumed to be characterized by their total charge expressed in 
microampere-hours ( Ah). What number of charged particles does the total 
charge hAq /1  correspond? The problem to be solved for: a) electrons; 
b) -particles. ( 1616 101.1),102.2) NbNa ). 

575. In the case of an elastic central collision of a neutron with a 
stationary nucleus of a retarding substance, the kinetic energy of a neutron 
decreased by a factor of 1.4. Find the mass m  of the nuclei of the slowing 
agent. ( ...12 umam ). 
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576. What part of the initial speed will be the neutron velocity after an 
elastic central collision with the fixed isotope core Na23

11 ? ( %92 ). 
577. To obtain slow neutrons, they are passed through substances 

containing hydrogen (for example, paraffin). What is the largest part of its 
kinetic energy that a neutron of mass 0m  can transmit to a) a proton (mass 

0m ), (b) the nucleus of a lead atom (mass 207 0m )? The largest part of the 
transmitted energy corresponds to an elastic central collision. 
( %9.1)%;100) ba ). 

578. The stream of charged particles enters a homogeneous magnetic 
field with induction TB 3 . The velocity of the particles is 

sm /1052.1 7  and is directed perpendicular to the direction of the field. 
Find the charge q of  each  particle  if  it  is  known  that  the  force  

NF 111046.1  acts on it. ( Cq 19102.3 ). 
579. The meson of cosmic rays has an energy GeVW 3 . The rest 

energy of the meson is MeVW 10000 . What distance l  in the atmosphere 
can a meson pass during its lifetime  by the laboratory clock? The 
intrinsic lifetime of the meson is s20 . ( kml 18 ). 

580. The positron and the electron combine to form two photons. Find 
the energy h  of each of the photons, assuming that the initial energy of 
the particles is negligible. What is the wavelength  of these photons? 
( pmMeVW 4.2;58.0 ). 

581. The electron and positron are formed by a photon with energy 
MeVh 62.2 . What was the total kinetic energy 21 WW  of a positron 

and an electron at the time of origin? ( MeVWW 60.121
). 

582. The neutron and antineutron combine to form two photons. Find 
the energy h  of each of the photons, assuming that the initial energy of 
the particles is negligible. ( MeVh 940 ). 

583. The maximum radius of curvature of the trajectory of particles in 
the cyclotron cmR 35 ; frequency of the potential difference applied to the 
duants is MHz8.13 . Find the magnetic induction B of the field 
necessary for synchronous operation of the cyclotron, and the maximum 
energy W  of the emitted protons. ( MeVWTB 8.4,9.0 ). 

584. Ion current in the cyclotron when working with -particles 
AI 15 . How many times is such a cyclotron more productive than mass 

gm 1  of radium? (a thousand times). 
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585. The cyclotron produces deuterons with an energy MeVW 7 . The 
magnetic induction of the cyclotron field is TB 5.1 . Find the maximum 
radius of curvature R  of the deuteron trajectory. ( cmR 36 ). 

586.  What energy W  can the  particles be accelerated in the cyclotron 
if the relative increase in the particle mass 00 / mmmk  should not 
exceed 5%? ( MeVW 188 ). 

587. Energy of deuterons accelerated by a synchrotron, MeVW 200 . 
Find for these deuterons the ratio 0/ mm  (where m  is the mass of the 
moving deuteron and 0m  is its rest mass) and the velocity . 
( smmm /1032.1;44.0;1.1/ 8

0 ). 
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